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EDITORIAL

REVIEW OF THE AIMS AND SCOPE OF THE JOURNAL
In my first editorial as new editor, I have decided to 
discuss the revised Aims and Scope of DYNA which 
is posted in our website and in the paper version of the 
journal as follows:

“DYNA is an international journal published by 
the Facultad de Minas, Universidad Nacional 
de Colombia, Medellín Campus since 1933. 
DYNA publishes peer-reviewed scientific articles 
covering all aspects of engineering.  Our objective 
is the dissemination of original, useful and 
relevant research presenting new knowledge about 
theoretical or practical aspects of methodologies 
and methods used in engineering or leading 
to improvements in professional practices. All 
conclusions presented in the articles must be based 
on the current state-of-the-art and supported by a 
rigorous analysis and a balanced appraisal. The 
journal publishes scientific and technological 
research articles, review articles and case studies.”

The new Aims and Scope has a clear and explicit focus 
on original, useful and relevant research in engineering. 
By the word “original”, I mean that the journal only 
accepts original research that not has been previously 
published, except as a thesis in a university or as a 
short abstract in conference proceedings. Here, the 
editorial team follows a common rule in many scientific 
journals. As a consequence, manuscripts based on 
previously published work with unsubstantial new 
original contributions will be rejected directly by the 
Editor; examples of unsubstantial contributions include 
rewritten manuscripts with the same conclusions of 
previous published works but varying the data or 
adding new cases. By the word “original”, I also mean 
that theoretical or practical results and conclusions 
cannot be derived from current knowledge in a 
straightforward, direct or trivial way. 

The words “useful” and “relevant” are used to mean 
that conclusions describe important and interesting 
contributions that will be potentially usable for the 
readers in their future professional or research activities. 
As a consequence, the originality is a necessary but not 
sufficient condition for accepting a manuscript.

By “rigorous analysis” must be understood that 
authors followed well-accepted and well-applied 
methodologies for obtained and supporting their 
conclusions. For example, some manuscripts in 

engineering education state in their conclusions that 
the participants are “happier and more motivated” but 
without a rigorous experimental design demonstrating 
the advantage of the proposed practice o method in the 
learning process; as a result, this type of manuscripts 
are not suitable for publication.

As many other research journals, DYNA is focused on 
publishing original scientific or technological research 
articles in engineering. In addition, review articles are 
considered for publishing, but in this case, it is required 
the use of at least fifty references, and a in-depth 
discussion focused in the findings obtained when the 
literature is analyzed as a whole. Review articles should 
clearly and explicitly justify the necessity of review in 
their introduction and explain careful the objectives of 
the work. Further, it is mandatory that the discussion 
and conclusions presented cannot be derived from the 
isolated reading of the manuscript’s references.

DYNA accepts case studies for publishing; however, 
the case considered must be non trivial, possibly unique, 
and interesting for the community; the manuscript must 
present new knowledge to improve the understanding 
of the case or novel methods for tackling it. Authors 
should clearly and explicitly justify how the work 
meets previous conditions for publishing. In this sense, 
technical reports or case studies describing the use of 
well-known methods or techniques applied in typical 
cases are not suitable for publishing.

With the new Aims and Scope, authors are encouraged 
to explicitly discuss how their work impacts the current 
state of the art of engineering or how to improve current 
practices. The editor and the reviewers will look for 
this discussion in the manuscript. 

Finally, the objective and contributions of the work 
must be clearly stated in the abstract. This point is of 
special importance because of it allows to the editor 
and reviewers to accelerate the publishing decision.

Juan D. Velásquez, MSc, PhD
Professor

Departamento de Ciencias de la Computación
y de la Decisión

Facultad de Minas
Universidad Nacional de Colombia
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ABSTRACT: In this work a Visual SLAM system (Simultaneous Localization and Mapping) that performs in real time, building 
feature-based maps and estimating the camera trajectory is presented. The camera is carried by a person that moves it smoothly with 
six degrees of freedom in indoor environments. The features correspond to high quality corners parametrized with inverse depth 
representation. They are detected inside regions of interest and an occupancy criterion is applied in order to avoid feature agglomeration. 
The association process is developed using active search. The final representation is made in a three-dimensional environment.

Keywords: Localization, mapping, EKF, monocular camera, inverse depth, real time, 6DOF, active search.

RESUMEN: En este trabajo se presenta el desarrollo de un sistema de SLAM Visual (Simultaneous Localization and Mapping) 
que se desempeña en tiempo real, construyendo mapas basados en puntos característicos y estimando la trayectoria de la cámara. 
La cámara es transportada por una persona que la mueve suavemente con seis grados de libertad en entornos interiores. Los 
puntos característicos corresponden a esquinas  de alta calidad parametrizados con el inverso de su profundidad. Estos son 
detectados dentro de regiones de interés y se aplica un criterio de ocupación  con el fin de evitar aglomeración de características. El 
proceso de asociación se desarrolla usando búsqueda activa. La representación final se realiza en un entorno tridimensional.

Palabras Clave: Localización, mapeo, EKF, cámara monocular, inverso de la profundidad, tiempo real, 6DOF, búsqueda activa. 

1.  INTRODUCTION

Before carrying out tasks such as navigation, path 
planning, and object and place recognition, a totally 
autonomous mobile robot must interpret the information 
obtained by its sensors and then estimate its position 
and the position of environmental features. The 
simultaneous localization and map building algorithms 
face both problems at the same time [1], and they have 
been the focus of attention of the research community 
on mobile robotics during the last two decades.

The system described in this article is able to estimate 
the camera position, which is carried by a person or by 

a mobile platform, and to represent the trajectory that 
it makes. The system creates a three-dimensional map 
composed of the camera model and spatial points that 
represent object corners in the environment. Moreover, it 
can be adapted to different mobile platforms -terrestrial, 
aquatic, and aerial- because it is portable and has six 
degrees of freedom that reduce motion restrictions. The 
system is of great importance when GPS information is 
not available and in applications where is not practical 
to carry heavy and bulky sensors such as object tracking 
and mapping of environments in rescue operations.

Section 2 defines the schema of the Visual SLAM 
system and the general methodology used in this 
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work. Section 3 presents outstanding projects about 
Visual SLAM. Sections 4 and 5 explain how the key 
points were detected and how the radial distortion 
was corrected, respectively. Sections 6, 7, 8 and 9 
present the parametrization process with the inverse 
depth of the features, the constant velocity model, the 
prediction of feature location in the image plane and 
the data association, respectively. Finally, the results 
and conclusions obtained in this work are presented.

2.  VISUAL SLAM

Recently, the use of visual sensors has generated great 
interest in the research field of SLAM due to the large 
amount of texture information provided by these 
sensors of the objects found in a scene [2-4]. Moreover, 
cameras are compact, accurate, and much cheaper than 
laser sensors. 

Implementations such as the ones developed by 
Castellanos [5] and Davison [6] proved the EKF 
(Extended Kalman Filter) in the building of small 
maps in SLAM systems with stereo vision, working in 
real time at 5 Hz. The system was able to build three-
dimensional maps and to control a mobile robot. Jung 
and Lacroix [7] developed an autonomous system for 
mapping terrains using stereo vision as the only sensor 
and the standard EKF. Saez [8] presented a SLAM 
system with stereo vision for six degrees of freedom 
movements and indoor environments.

Some SLAM systems that use a monocular camera 
have proved to be viable in small environments; the 
most outstanding systems are the ones designed by 
Bailey [9], Kwok [10] and Lemaire [11]. Most of them 
are essentially EKF-SLAM systems and only change 
the initialization techniques and the kind of interest 
points extracted from the images (Harris corners, Shi 
and Tomasi corners, SIFT features, or any mixture of 
them). The works of Civera [12], Tully [13], Clemente 
[14] and Marzorati [15] show a tendency to use 
monocular cameras, inverse depth parametrization, and 
to perform in real time. The sub-mapping techniques, 
such as the ones depevoped by Bosse [16], Leonard 
[17], Paz [18] and Piniés [19], allow the system to 
achieve a performance in long trajectories.

3.  SCHEMA OF OUR SLAM SYSTEM 

Figure 1. Schema of the SLAM system

The SLAM system involves many processes that work 
together in sequential way as is shown in Fig. 1. The 
probabilistic core is the EKF that alternates between a 
prediction step and an update step. Every process has 
inputs and outputs that are in a chain that ends up in 
a state estimate. In the next sections, these variables 
and their functions in the whole process are explained.

4.  CORNER DETECTION

The system begins getting information of the 
environment through key points; in this work the 
corners are obtained with the Harris detector, supported 
by OpenCV. The image is split in 36 region of interest 
and for each region the Harris detector is applied, 
returning the best corner. From them, the corners with 
their minimum eigenvalue over a given threshold are 
chosen and only five of them are initialized, the best 
corners. At the beginning all the regions are empty, but 
after the first iteration, an occupancy algorithm must 
be used in order to avoid agglomeration of corners 
and therefore, wrong associations.  In this step the 
coordinates of the five best corners are stored, the 
regions where they were found and a patch of 15x15 
pixels around each corner.

4.1.  Occupancy Algorithm

This criterion defines empty and occupied regions of 
interest. Only empty regions can be used to initialize a 
new feature. Moreover, when a region becomes empty 
because both the feature was deleted or the feature 
moves to another region, 20 time steps must pass in 
order to consider this region available to be occupied 
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again. This technique allows the features to be well 
distributed over the image plane.

5.  CORRECTION OF RADIAL DISTORTION 

The corner coordinates have radial distortion that 
affects the location of the pixels and this displacement 
grows as the pixel nears the image boundary.  The 
model that describes this distortion is shown in (1). 

	
		  (1)

where k1 and k2 are the coefficients of radial distortion, 
r is the radius, xn and yn are the normalized coordinates. 
This model allows the system to include radial 
distortion. However, the opposite process is needed 
(remove radial distortion) and there is no analytical 
function that does this. Therefore, a numerical method 
is employed, the Newton Raphson method, that use the 
expression (2) and its derivative in order to calculate an 
approximation of the radius without distortion.

	 (2)

Given the radius r, the principal point (Cx,Cy) and the 
image coordinates with distortion (ud,vd), the image 
coordinates without distortion (u, v) can be computed 
using the expressions (3) and (4). Hereafter the corners 
will be called features.

		  	 (3)

			   (4)

6.  FEATURE INITIALIZATION

This step consists in the corner parametrization and 
its inclusion to the state vector. The explanation 
of the corner parametrization using inverse depth 
representation and the addition of features in the state 
vector will be presented in this section.

6.1. Inverse Depth Representation

A significant limitation of the initial approaches of 
Davison [2] and others was that the systems could 

only use features close to the camera and that had great 
parallax during the motion. This problem limited the 
robot navigation (or the camera navigation) to indoors. 
Montiel [20] proposed a technique to initialize features 
using the inverse distance between the feature and the 
camera where it was seen for first time. This technique 
allows the system to work with both close and distant 
features from the moment they are detected. The distant 
features are used to improve the motion estimation, 
acting initially as an orientation reference. These 
features are common in outdoor environments.

The coordinates (u, v) are used in the back projection 
model, obtaining normalized coordinates xn and yn:
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where f is the focal length and (cx,cy) is the principal 
point. The normalized coordinates give information 
about the ray hc that passes through the optical center 
of the camera and the point in the world whose image 
coordinates are (ud, vd). The ray can be defined by the 
angles θ and Φ, the azimuth and the elevation angles 
respectively:

)(tan 1
nx−=θ        )(tan 1

ny−=φ 		  (6)

The camera state is defined with six parameters:

][ iiiwcai Xy ρφθ= 			   (7)

The vector Xwca = [xwc ywc zwc]
T corresponds to the 

camera location, in Cartesian coordinates, from where 
the features were seen for first time, θi is the azimuth 
angle, ϕi is the elevation angle and ρi = 1/di is the inverse 
distance between the camera position and the feature.

6.2.  Addition of Features to the State Vector

The state vector stores the information of the camera 
and outstanding features:
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Tcwww
c kwkvkkrkx ])()()()([)( ψ= 	 (9)

where rw corresponds to the three cartesian coordinates 
of the camera location, ψw is the camera orientation in 
Roll, Pitch, Yaw angles [ψx, ψy, ψz]

T , vw is the linear 
velocity of the camera and ωc is the angular velocity 
with respect to the camera frame. The vector Y (k) 
contains the information of the environment, organized 
by set of features taken from different camera locations:

T
n kykyKY ])(...)([)( 1= 			   (10)

where each feature yi was defined in equation (7).  
A feature initialized remains in the state vector for 
the whole execution if this overcomes the following 
criterion: the feature must be seen at least 17 times in 
the first 20 iterations, from the time it was detected. If 
certain feature overcomes this criterion, it will not be 
deleted from the state vector and will be predicted in 
every iteration.

7.  MOTION MODEL

The camera is connected to a laptop and is carried by a 
mobile robot or by a person. A program on the laptop 
determines the trajectory and builds a map with well 
distributed features in real time. The camera moves 
freely in three dimensions in an unknown environment. 
A constant linear and angular velocity model is used. 
The motion model allows the system to estimate the 
state transition in order to predict the camera position 
in the next time step before getting a new observation 
of the environment. The motion model is a non-linear 
function that only affects the camera state because 
the features are assumed to be static. The following 
transition function is used to pass from the state xk to 
the state xk+1:

			   (11)

The vector W(k) represents a zero-mean Gaussian noise 
with covariance Q that affects the linear and angular 
velocities of the camera to detect small changes in the 
model:
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The camera state xc evolves according to the 
following expression:	
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Where Ec
w is a matrix that transforms angular velocities 

with respect to the camera frame to equivalent angular 
velocities in the world frame.

8.  PREDICTION OF THE FEATURE LOCATION

 
Figure 2. Feature observed from the initial and current 

camera location

This process consists in predicting the feature location 
in the next image, without making a new observation. 
Figure 2 provides a graphical representation of the 
vectors of the camera and feature location.

The vector tfvi represents the camera location from 
where a feature i was observed for first time. The 
vector defined by m, the unitary vector of the bearing 
of the feature i when this feature was seen for the first 
time, this represents the feature location with respect 
to the vector tfvi.  The sum of these vectors is equal to 
vector feati

w, the feature location with respect to the 
world frame.

The vector tw represents the current camera position, 
estimated with the motion model described in section 
7. The difference of tw and feati

w is equal to the vector 
hw. This vector has to be transformed to the camera 
frame, obtaining hc. The equation used to predict the 
azimuth and elevation angles of a feature is based on 
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the components of the vector hc, [hcx, hcy, hcz]:
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The coordinates (u, v) are calculated from the 
normalized coordinates xn and yn:

xn cfxu += *      yn cfyv += * 		  (15)

9.  DATA ASSOCIATION

The location in the image plane (ui, vi) where the features 
feati will be observed, for i = 1, 2, 3, ..., n, is predicted 
together with the innovation covariance matrix Si. This 
matrix defines an elliptical zone of uncertainty where 
there is high probability to re-observe the feature. 
In this zone a correlation algorithm is executed, 
comparing the distribution of the digital levels of the 
pixels. The location that shows the strongest similarity 
will be taken as the equivalent point to the central pixel 
of a corner patch and will be the observed position of 
the feature from the new camera position.

 
Figure 3. Prediction of the feature location in the image 
plane (red points). The ellipses represent the prediction 

uncertainty.

In Fig. 3 the predictions of feature locations (red points) 
into the image plane are shown. The blue ellipses 
indicate failed correlations and therefore, there is no 
new observation. The green ellipses indicate successful 
correlations and the new observation is drawn in blue. 

The yellow point corresponds to a new observation that 
was parametrized and included into the state vector. 
This new feature is over an empty and available region 
and its distance to any other feature is more than 30 
pixels. 

A joint compatibility test based on the Mahalanobis 
distance is carried out to deal with spurious associations 
between observations and predicted features that come 
from dynamic objects in the mapped environment.

When the uncertainty of a feature increases so much, 
the search zone is too big and it is not suitable to 
develop the correlation process. In this case this 
prediction is not used, but the feature is not deleted, it 
remains in the state vector.

Finally, the difference between the observed feature 
(blue point) and predicted feature (red point) is the 
innovation vector and it is used by the Extended 
Kalman Filter to update the joint state camera-features. 
This vector moves the estimated position in the 
direction in which it is reduced.

10.  RESULTS 

Figure 4. Hand held camera

The experiments were developed with the Logitech Pro 
9000 camera connected to a HP laptop with a 2.2 GHz 
AMD Dual-core processor. The camera was carried 
by a person (Fig. 4) that moves it smoothly with six 
degrees of freedom, in unknown environments. 
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10.1.  Open Trajectory in Indoor environments

Figure 5. Laboratory of PSI group

The first experiment was performed in the Laboratory 
of the Perception and Smart Systems Group. It is a 
small room with glass walls, chairs, and desks with 
monitors, printers, CPUs, among other things (Fig. 5). 
Some corners over the walls belong to reflections and 
produce failed correlations (blue ellipses in Fig. 3) so 
most of them are rejected by the high quality features 
criterion. 

Figure 6. Three-dimensional Graphic

Figure 6 show the corners (points), the camera 
(triangular prism) and its trajectory (points connected 
by segments), represented in a three dimensional 
environment, developed with OpenGL. 

Figure 7. Evolution of Inverse depth estimates of three 
features

Figure 7 shows how the inverse depth estimates evolve 
over time. The inverse depth of a feature is initialized 
with a predefined value with respect to the camera 
location when the feature is seen for first time. The 
camera is both rotated and translated and the inverse 
depth estimate converges to a given value after about 
50 iterations. At steady state, the estimates do not vary 
significantly, which means that the map is consistent. 
Finally, these estimates are used to compute the feature 
locations with respect to a global frame.

Figure 8. Evolution of Standard Deviation of Inverse 
Depth Estimates

As time passes, the parallax angles increase, yielding 
better estimates of the inverse depth, which is 
evidenced by a reduction in standard deviation, as can 
be seen in Fig. 8.

Figure 9. Evolution of Standard Deviation of Camera 
Location (X,Y,Z)

As the camera moves, its own pose uncertainty increases 
(Figs. 9 and 10). This fact is due to the errors introduced 
by the motion and observation models and the linear 
approximations made by the EKF. However, something 
very interesting happens when a loop is closed. This fact 
will be seen in the following experiment.
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Figure 10. Evolution of Standard Deviation of Camera 
Bearing around the axis X, Y and Z.

10.2.  Closed Loop in Indoor Environments

 
Figure 11. Closed loop with the camera focusing objects 

over a desk.

This experiment was carried out with the camera 
focusing objects over a desk (Fig. 11), trying to follow 
a square trajectory and to keep a constant distance from 
the camera to the surface of the desk. The scale of the 
trajectory was fixed by hand because it is not observable 
with a monocular camera.

Figure 12. Three-dimensional graphic of a closed loop.

Figure 12 shows the square trajectory and the corners 
represented with OpenGL. 

Figure 13. Evolution of Standard Deviation of Camera 
Location (X,Y,Z) in closed loop

Figure 14. Evolution of Standard Deviation of Camera 
Bearing around the axis X, Y and Z in closed loop.

The camera observes features that were seen in the 
beginning of the mapping and whose location is 
relatively well known. Through these observations 
the uncertainty in camera position (location and 
orientation) is reduced as is shown in Figs. 13 and 14. 
These observations also reduce the uncertainty for other 
features in the map due to the correlation stated in the 
covariance matrix.

10.3.  Computational Cost

The high computational cost is the main limitation in 
systems that perform in real time. This problem has 
been tackled with sub-mapping techniques that allow 
the system to navigate in large environments and to 
reduce the errors due to the linear approximations made 
by the Extended Kalman Filter.
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Figure 15. Total Computational Cost (with ▼) and 
number of features (with +).

Figure 15 depicts the quadratic dependence on the 
number of features in the map. This fact is due to the 
size of the covariance matrix that is used to update the 
state. The matrix operations that involve the covariance 
matrix are computationally expensive and  impose a 
limit of the number of features to 50 in order to perform 
in real time, managing to process at least 10 images per 
second (at the critical point).

11.  CONCLUSIONS 

A Visual SLAM system that works with a monocular 
camera in real time was developed. The core of the 
system relies on the well known incremental Extended 
Kalman Filter such that the positions of camera and a 
feature-based map can be estimated in real time. The 
kind of sensor, the 6 DOF and the probabilistic focus 
used to solve the problem, make it a complex system. 
The results show that the system performs in indoor 
environments in real time if the amount of features is 
under 50, processing from 10 to 20 frames per second. 

The estimated state of the camera has low uncertainty: 
the standard deviation in location is less than 7cm 
(for each coordinate) and in orientation is less than 3 
degrees (for each axis). The inverse depth estimates 
of landmarks converge to a steady state in about 50 
iterations, building consistent maps.

The feature detection is performed using regions of 
interest and an occupancy algorithm is implemented 
to avoid feature agglomeration, achieving high quality 
corners that are well distributed. The elliptical zones 

defined by the innovation covariance matrix allow the 
system to carry out an active search of corner patches, 
optimizing the correlation process. However, the matrix 
operations increase the computational cost and set a 
limit to real time performance. 

An interesting fact was analyzed, with closed loops the 
uncertainty decreases when the camera visits a place 
where it has been before, and recognizes features that 
were seen before. 
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ABSTRACT: Microwave heating and gravity sedimentation are alternatives for demulsification and layer separation into oil and water layers, 
this process was demonstrated in the laboratory and provides an option for reducing and oil recovering from water-in-oil Mexican oil emulsions.
The combinatorial process was implemented in a test lab using Mexican crude oil samples. The Laboratory samples were 100% and 50-50%, 
crude and crude-water respectively, were heated. The results were encouraging show that microwave heating and gravity sedimentation are 
alternatives for the separation of Mexican Oil emulsions.

Keyword: Microwave heating, Demulsification, Separation, Water-in-oil emulsions.  

RESUMEN:  El calentamiento por microondas y la sedimentación por gravedad son alternativas para desemulsificar y separar por capas 
aceite y agua, este proceso se demostró en el laboratorio y proporciona una opción para la reducción y la recuperación de emulsiones de agua 
en aceite del petróleo Mexicano.
El proceso se implementó en un laboratorio de pruebas con muestras de petróleo crudo mexicano. Las muestras de laboratorio fueron del 
100% y 50-50%, crudo y crudo-agua, respectivamente, se calentaron. Los resultados fueron alentadores muestran que el calentamiento por 
microondas y la sedimentación por gravedad son alternativas para la separación de emulsiones de petróleo mexicano.

Palabras Clave: Calentamiento por Microonda, Desemulsificar, Emulsión de agua en aceite.    

1.  INTRODUCTION

A significant portion of world crude oil is produced 
in the form of a water-in-oil emulsion stabilized by 
natural surfactants that must be treated (demulsified) 
before they can be processed [1]. 

Water and oil sometimes combine (emulsify) during 
industrial processes. Resulting emulsions are either oil-
in-water (o/w) or water-in-oil (w/o), depending on which 
material is dispersed in the other. An oil-in-water emulsion 
has water as the continuous phase, while the water-in-oil 
emulsion has oil in the continuous phase. Either type 
of emulsion may contain other contaminating materials 
(solids, dirt, metal particles, emulsifiers, cleaners, soaps, 

solvents, etc.). Emulsions can be found in a variety of 
industries and formed by a variety of processes. Since 
formation of emulsions is so specific to the industry 
and process, the emulsion breaking product selection is 
somewhat difficult and requires bench testing [2]. For 
water-in-oil emulsions which usually have high viscosity, 
the required mixing of these chemicals with the emulsion 
is difficult. Also when a high dosage of chemicals is used 
to overcome the difficulty, it leads to a secondary pollutant, 
since the separated water may contain too high a level of 
chemicals to be discharged to public water.

The concept of microwave heating of emulsion was first 
introduced by Klaila (1978) [3] and Wolf (1986) [4] in 
their patent applications. Recently, research continues 
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to develop technology for microwave demulsification 
chemical plants, as described by Coutinho (2010) [5].

Today the Mexican oil fields have a high content of 
water and oil, and the water usually contains dissolved 
salts forming brines. 

The use of microwaves is an alternative, effective, 
clean and chemicals free method for oil desalting and 
dehydration. This publication shows that microwaves 
are an efficient alternative to heating oil emulsions.

2.  EXPERIMENTAL

The study area is located in the oil drilling fields in 
Altamira, Tamaulipas, Mexico. Two types of sample 
of crude, 100% crude and 50-50% crude-water, were 
heated.

The variables studied are the temperature and the irradiation 
time during microwave irradiation. Equipment was built 
to irradiate emulsions and measure the temperature at a 
predetermined time. Modules were designed for measuring 
the temperature and controlling the magnetron. 

The experimental process is: 1) Collection of Oil Field 
samples (Figure 4,7), 2) Preparation and Stabilization 
of emulsions of 100% and 50% crude and crude-water 
respectively, 3) 50 ml of both samples are irradiated.

Temperature Measurement Module

An infrared sensor (Raytek RAYTXSLTCF1 model) (Figure 
1) for measuring the temperature of oil samples, together 
with a graphical interface. Which can measure temperature 
in real time while the samples are being irradiated.

 
Figure 1. Infrared Sensor

A graphic user interface (GUI) was designed to 
visualize the temperature inside the sample to be 
irradiated with microwaves in real time (see Figure 2).

Figure 2.  Visual Interface (GUI)

Magnetron Control Module

The magnetron operates at a working frequency of 2.45 
GHz and a rated power output of 700 W. The control 
module magnetron has a graphical interface which 
controls the magnetron, the duration of microwave 
irradiation and emergency protections (see Figure 2,3).

Figure 3.  Modules magnetron and temperature control. 
(1)Resonant Cavity, (2)Magnetron, (3)Magnetron Control, 

(4) Irradiated sample, (5) Infrared Sensor, (6) Visual 
Interface (GUI).

3.  RESULTS AND DISCUSSION

1) Collection of Oil Field samples

Samples were collected from a cistern in the Tamaulipas- 
Constituciones Oil Field (Figures 4 and 5).  
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Figure 4. Injection plant, Tamaulipas-Constituciones field. 

 
Figure 5. Cistern Tamaulipas-Constituciones Oil Field.

2) Preparation and Stabilization of emulsions. 

Two types of samples were prepared and stabilized, 
50-50% crude-water (Figure 6) and 100% crude (Figure 
7). Each sample contained 50 ml.

3) Irradiation of samples.

Oil-Water samples irradiated for 30 to 60 seconds

The sample of oil-water 50-50% was irradiated for 30 
seconds (Figure 8), with an initial temperature of 27 
°C and a final temperature of 44 °C, with a temperature 
increase of 17 °C, shown in the Table 1, there is a rapid 
increase in temperature. 

 
Figure 6.  50-50 % crude-water sample prepared and stabilized.

 
Figure 7. 100% crude sample prepared and stabilized.

Figure 8. Oil-Water sample irradiated for 30 seconds

Then, the other sample of oil-water 50-50% was 
irradiated for 60 seconds (Figure 9), with an initial 
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temperature of 26 °C and a final temperature of 140 
°C, with a temperature increase of 114 °C, as seen in 
the Table 1, a rapid increase in temperature. Although 
at 25 seconds there is a sudden temperature increase 
associated with interaction between microwaves and 
chemical properties of oil, as shown in Figure 12 FTIR.

Figure 9. Oil-Water irradiated for 60 seconds

Oil samples irradiated for 30 to 60 seconds

The sample of 100% oil was irradiated for 30 seconds, 
with an initial temperature of 25 ° C and a final 
temperature of 53 °C, with a temperature increase of 
28 °C, shown in the Table 1. Shown in Figure 10 shows 
that 100% oil also has a substantial absorption of the 
microwave. 

Figure 10. 100 % Oil sample irradiated for 30 seconds

The second sample of 100% oil was irradiated for 60 
seconds, with an initial temperature of 26 °C and a final 
temperature of 105 °C, with a temperature increase 
of 79 shown in Table 1. It can be observed in Figure 
11 that shows the 100% sample also has considerable 
energy absorption, but not as much as the sample of 
50-50% oil-water because the water accelerates energy 
absorption thereby causing greater polarization and 
thus further warming.

Figure 11. 100% Oil sample irradiated for 60 seconds

Table 1. Comparison Chart irradiated samples. 

Time of 
Irradiated 
(50 ml)

Initial 
Temperature 

(°C)

Final 

Temperature 
(°C)

Temperature 
increase 

Sample of Oil-
Water (50-50) 30s 27 44 17

Sample of Oil-
Water (50-50) 60s 26 140 114

Sample of Crude 
Oil 30s 25 53 28

Sample of Crude 
Oil 60s 26 105 79

Spectra de FTIR (Fourier Transform Infrared 
Spectroscopy)

The oil was characterized by FTIR before being 
irradiated, and subsequently after 30 and 60 seconds 
of it being irradiated:

•	 Crude: Samples of crude from Constitutions 
Tamaulipas field were characterized before being 
irradiated.

•	 Oil-water: two characterizations were performed on 
samples of 50ml of crude oil which were irradiated 
for 30 and 60 seconds respectively.

•	 Crude: two characterizations were performed on 
50ml samples of Oil-Water (50-50), which were 
irradiated for 30 and 60 seconds respectively.

The main functional groups of absorption resins and 
asphaltenes are qualitatively identical. To facilitate 
the study of the results of this analysis, the spectrum 
is divided into four regions that can be interpreted as 
follows:
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Table 2. - Organic functional groups infrared spectra of 
Crude by FTIR

Figure 12. - FTIR spectra of the samples of oil water

Group I: hydrogen valence vibrations (small) in the 
region of 3100-2700 cm-1. Group II: Vibrations 
valence double or partially double bonds, this region 

of 1900-1350 cm-1. Group III: dubbing vibrations out 
of the plane. Valence vibrations low energy region 
between 1000-710 cm-1. Group IV: Region valence 
vibrations of single and double bonds very strongly 
coupled, a region is observed in the range of 1350-1000 
cm-1 band as a matter of oxygen valency vibrations. 
In the spectra obtained the following functional groups 
can be identified:

In accordance with the intensity changes of the 
absorption bands after interaction with microwave 
radiation shown in Figure 12, the following can be 
summarized:

•	 An increase in the content of aromatic structures, 
manifested in higher band intensity in regions 1600, 
3040, 870, 815 and 750 cm-1. This may also relate 
to an increase in the degree of hydrogen substitution 
in aromatic structures.

•	 An increase in the content of aliphatic and alicyclic 
(naphthenic) groups mainly at the expense of the 
CH2 group, as indicated by the increased intensity 
of the bands in the 2930, 2860, and 1470 cm-1 
regions and of the doublet at 730 -720 cm-1. A slight 
decrease in the number of CH3 groups is indicated 
by weakening of the band in the 1380 cm-1 region 
and a decrease in the “shoulder” in the 2950 cm-1 
region

•	 A significant increase pf the OH functional group 
band at 3400 cm-1 and in the region of 1774 cm-1 
corresponding to C = O. This is attributed to the 
recovery of polar compounds solubilized in the 
added water, such as alcohols, esters, acids and 
acid anhydride.

•	 An increase in the bands belonging to the region 
covered by 1350-1000 cm-1, corresponding to an 
increase of asphaltenes recovered during microwave 
irradiation, because of the added water. 

4.  CONCLUSIONS

Using the temperature module with the infrared sensor 
the temperature could be measured in real time, without 
the need to enter any sensor within the sample, as 
this would contaminate the oil sample or damage the 
sensor. Using this module the signal representative of 
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the temperature could be visualized and recorded to 
be studied later.

The magnetron control module could be programed 
for the time or time intervals that the samples are to 
be irradiated using the graphical interface of , and to 
realize an emergency stop if the temperature rises above  
the limits established and so control the microwave 
heating process.

The crude oil, after being irradiated with microwaves, 
qualitatively retains the functional groups that it is 
compose of, there are only quantitative changes that 
are assumed to be due to the recovery of soluble 
compounds in injection water.

The increased intensity of the OH group (3400 cm-1) 
and C = O (1774 cm-1) confirms the recovery of soluble 
polar compounds in the injection water.

Asphaltenes, the main emulsion stabilizers present in 
the injection water are recovered. Microwave radiation, 
breaks the film of surfactant present in the water. 

The spectra show that the time corresponding to 30 
seconds irradiation, gave better results recovery of 
dissolved hydrocarbons (Figure 12). Establishing the 

lower irradiation time corresponds to low amount of 
energy required in the destabilization of the emulsion 
and therefore energy savings in the process. 
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ABSTRACT: This paper deals with the reliable and efficient numerical identification of parameters defining the flux function and the 
diffusion coefficient of a strongly degenerate parabolic partial differential equation (PDE), which is the basis of a mathematical model for 
sedimentation-consolidation processes. A zero-flux initial-boundary value problem (IBVP) posed for this PDE describes the settling of a 
suspension in a column. The parameters for a given material are estimated by the repeated numerical solutions of the IBVP (direct problem) 
under systematic variation of the model parameters, with the aim of successively minimizing a cost functional that measures the distance 
between a space-dependent observation and the corresponding numerical solution. Two important features of this paper are the following. 
In the first place, the method proposed for the efficient and accurate numerical solution of the direct problem. We implement a well-
known explicit, monotone three-point finite difference scheme enhanced by discrete mollification. The mollified scheme occupies a larger 
stencil but converges under a less restrictive CFL condition, which allows the use of a larger time step. The second feature is the thorough 
sensitivity and stability analysis of the parametric model functions that play the roles of initial guess and observation data, respectively.

Keywords: Sedimentation of suspensions, sensitivity analysis, degenerate parabolic equation, parameter estimation, discrete mollification.

RESUMEN. Este artículo se dedica a la identificación numérica confiable y eficiente de los parámetros que definen la función de flujo y el 
coeficiente de difusión en una ecuación diferencial parcial de tipo parabólico fuertemente degenerada que es la base de un modelo matemático 
para procesos de sedimentación-consolidación. Para esta ecuación, el problema de valor inicial con valores en la frontera (IBVP) en el que el 
flujo es nulo, describe el asentamiento de una suspensión en una columna. Los parámetros para un material dado se estiman con base en repetidas 
soluciones numéricas del problema directo (IBVP) con una variación sistemática de los parámetros del modelo, con el objeto de minimizar 
sucesivamente un funcional de costo que mide la distancia entre una observación dependiente de tiempo y la correspondiente solución numérica. 
En este artículo se destacan dos aspectos. El primer aspecto es que en el método propuesto para la solución numérica eficiente y acertada del 
problema directo, se implementa un esquema explícito monótono bien conocido basado en diferencias finitas que usan tres puntos mejorado por 
molificación discreta. El esquema molificado utiliza una malla de más puntos pero converge con una condición CFL menos restrictiva, lo cual 
permite usar pasos temporales más grandes. El segundo aspecto es el exhaustivo análisis de sensibilidad y estabilidad de las funciones definidas 
por parámetros en el modelo y que juegan los papeles de aproximación inicial y dato observado, respectivamente.

Palabras claves: Sedimentación de suspensiones, análisis de sensibilidad, ecuación parabólica degenerada, estimación de parámetros, 
molificación discreta.

1.  INTRODUCTION

1.1. Scope

Our goal is the numerical identification of unknown 
parameters in the flux and diffusion terms for the following 
initial-boundary value problem (IBVP) for a strongly 
degenerate parabolic equation in one space dimension:

𝑢𝑢𝑡𝑡 + 𝑓𝑓(𝑢𝑢)𝑥𝑥 = 𝐴𝐴(𝑢𝑢)𝑥𝑥𝑥𝑥 ,  
(𝑥𝑥, 𝑡𝑡) ∈ Ω𝑇𝑇 ≔ (0, 𝐿𝐿) × (0,𝑇𝑇], 𝐿𝐿 > 0,𝑇𝑇 > 0    (1𝑎𝑎)    
 𝑢𝑢(𝑥𝑥, 0) =  𝑢𝑢0(𝑥𝑥), 𝑥𝑥 ∈ [0, 𝐿𝐿],                              (1𝑏𝑏) 
𝑓𝑓(𝑢𝑢) − 𝐴𝐴(𝑢𝑢)𝑥𝑥 |𝑥𝑥=0 =  𝜓𝜓0(𝑡𝑡),   𝑡𝑡 ∈ (0,𝑇𝑇],      (1𝑐𝑐) 
𝑓𝑓(𝑢𝑢) − 𝐴𝐴(𝑢𝑢)𝑥𝑥 |𝑥𝑥=𝐿𝐿 =  𝜓𝜓𝐿𝐿(𝑡𝑡),   𝑡𝑡 ∈ (0,𝑇𝑇],      (1𝑑𝑑) 
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where A is an integrated diffusion coefficient, i.e.,

𝐴𝐴(𝑢𝑢) =  � 𝑎𝑎(𝑠𝑠) 𝑑𝑑𝑑𝑑,
𝑢𝑢

0
   𝑎𝑎(𝑢𝑢) ≥ 0.       		  (2)

The diffusion function a is assumed to be integrable 
and is allowed to vanish on u-intervals of positive 
length, on which (1a) turns into a first-order hyperbolic 
conservation law, so that (1a) is a strongly degenerate 
parabolic. On the other hand, we assume that  f is 
piecewise smooth and Lipschitz continuous. Under 
suitable choices of u0, f, a, 𝜓𝜓0   and 𝜓𝜓𝐿𝐿   the IBVP (1) 
may describe a variety of real-world applications like 
traffic flow [9]. We focus our attention on Equation (1) 
as a model of the sedimentation-consolidation process 
of a solid-liquid suspension [8].

It is well known that solutions of (1a) are, in general, 
discontinuous even if 𝑢𝑢0   is smooth, and need to 
be defined as weak solutions along with an entropy 
condition to select the physically relevant solution, 
the entropy solution. For the definition, existence and 
uniqueness of entropy solutions of (1) we refer to [7, 
8, 10].

In the present work we are interested in a stability and 
sensitivity analysis of the parametric model functions. 
In order to perform the tests, we first proceed with a 
numerical estimation procedure based on repeated 
numerical solutions of the direct problem (1) under 
successive variation of parameters appearing in the 
coefficient functions f and a. In this phase the main 
components are the efficient and stable solver of the 
direct problem and the optimization procedure based 
on the Nelder- Mead Simplex Method. Our goal is the 
stability and sensitivity analysis of the resulting inverse 
problem. Theoretical aspects related to identifiability 
are not our concern in this paper (but cf., e.g., [11]). 
By sensitivity analysis we mean an intensive set of 
tests for the numerical identification of parameters 
with or without noisy observation data. Our approach 
follows the methodology of [4] but we acknowledge 
the existence of other ways to perform a sensitivity 
analysis, for instance [19].

1.2. Related work and outline of the paper

The discrete mollification method is a convolution-
based filtering procedure suitable for the regularization 
of ill-posed problems and for the stabilization of 

explicit schemes for the solution of PDEs. For the 
numerical identification of diffusion coefficients by 
discrete mollification, see [16] and its references.

Inverse problems for strongly degenerate parabolic 
equations are of particular interest in the context of 
the sedimentation-consolidation model. In fact, in 
applications such as wastewater treatment and mineral 
processing, the reliable extraction of material-specific 
parameters appearing in the model functions f and a 
from laboratory experiments allows the operation and 
control of continuous clarifier-thickeners handling 
the same material to be simulated [10, 21]. For the 
special case A ≡ 0, i.e., when effects of sediment 
compressibility are absent or negligible, (1a) reduces 
to a first-order nonlinear conservation law, portions of 
the function f can be identified by comparing observed 
space-time trajectories of concentration discontinuities, 
with trajectories appearing in closed-form solutions 
for piecewise constant initial  concentrations [6, 
14]. In the presence of sediment compressibility, 
closed-form solutions are not available and one has to 
resort to numerical techniques to solve the parameter 
identification problem [5, 11].

The paper is organized as follows. Section 2 presents 
the sedimentation-consolidation model along with 
details on the schemes for the solution of the 
direct problem, including a brief description of 
the mollification method. Section 3 deals with the 
parameter identification problem, the proposed 
algorithm, the sensitivity analysis and the effect of 
noisy observation data. This section ends with some 
conclusions. 

2.  THE APPLICATION OF THE MATHEMATICAL 
MODEL

2.1.  Sedimentation model

According to [8, 10] and the references cited in these 
works, (1) can be understood as a model for the settling 
of a flocculated suspension of small solid particles 
dispersed in a viscous fluid, where 𝑢𝑢 = 𝑢𝑢(𝑥𝑥, 𝑡𝑡)  is the 
local solid concentration as a function of height x and 
time t. For batch settling in a closed column of height L 
we set 𝜓𝜓0 = 0   and 𝜓𝜓𝐿𝐿 = 0 ; the function 𝑢𝑢0  denotes 
the initial solid concentration. The material specific 
function f describes the effect of hindered settling. 
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We employ here the following typical parametric 
expression:

𝑓𝑓(𝑢𝑢) = �𝑣𝑣∞𝑢𝑢 �1 −
𝑢𝑢

𝑢𝑢𝑚𝑚𝑚𝑚𝑚𝑚
�
𝐶𝐶

0 ≤ 𝑢𝑢 ≤ 𝑢𝑢𝑚𝑚𝑚𝑚𝑚𝑚 ,

0 𝑜𝑜𝑜𝑜ℎ𝑒𝑒𝑒𝑒𝑒𝑒𝑒𝑒𝑒𝑒𝑒𝑒,
       (3)

where 𝑣𝑣∞ < 0  is the settling velocity of a single 
particle in an unbounded fluid, C>1 is a dimensionless 
exponent that quantifies how rapidly the settling 
velocity decreases  (as an absolute value) with 
increasing solids concentration, and 0 < 𝑢𝑢max ≤ 1   is 
a (nominal) maximal solids concentration. The function 
A is given by (2), where we define 

𝑎𝑎(𝑢𝑢) = − 𝑓𝑓(𝑢𝑢)𝜎𝜎𝑒𝑒′ (𝑢𝑢)
(𝜌𝜌s−𝜌𝜌 f )𝑔𝑔𝑔𝑔

,  				    (4)

where 𝜌𝜌s   and 𝜌𝜌f  are the solid and fluid densities, 
respectively, g is the acceleration of gravity and 
𝜎𝜎𝑒𝑒′ (𝑢𝑢) = d𝜎𝜎e

d𝑢𝑢
   is the derivative of the material specific 

solid stress function 𝜎𝜎e . 

Among several proposed semi-empirical approaches 
for 𝜎𝜎𝑒𝑒   we chose the power law type function 
𝜎𝜎e(𝑢𝑢)

=  �
0  

𝜎𝜎0 ��𝑢𝑢 𝑢𝑢c� �𝛽𝛽 − 1�
for 0 ≤ 𝑢𝑢 ≤ 𝑢𝑢c,

𝑢𝑢c < 𝑢𝑢,
    

with material-dependent parameters 𝜎𝜎0 > 0   and 
𝛽𝛽 > 1.  The values of 𝛽𝛽,  𝜎𝜎0   and 𝑢𝑢c   characterize the 
compressibility of the sediment formed by a given 
material.

Values of the primitive 𝐴𝐴(𝑢𝑢)  usually have to be 
determined by numerical quadrature. However, if f 
and a are given by (3)–(4) and 𝛽𝛽  is an integer, then 
𝐴𝐴(𝑢𝑢)   can be evaluated in closed form by  𝐴𝐴(𝑢𝑢)  =  0  
for 0 ≤  𝑢𝑢 ≤  𝑢𝑢𝑐𝑐   (equation (1a) is strongly 
degenerate) and 𝐴𝐴(𝑢𝑢)  =  𝑨𝑨(𝑢𝑢)  −  𝑨𝑨(𝑢𝑢c)  for u >  𝑢𝑢c , 
where the function A is defined by

𝑨𝑨(𝑢𝑢) ≔
𝑣𝑣∞𝜎𝜎0

∆𝜌𝜌𝑔𝑔𝑢𝑢c
𝛽𝛽𝑢𝑢max

𝐶𝐶
 

× ∑ �∏ 𝛽𝛽+1−𝑙𝑙
𝐶𝐶+𝑙𝑙

𝑘𝑘
𝑙𝑙=1 � (𝑢𝑢max − 𝑢𝑢)𝐶𝐶+𝑘𝑘𝑢𝑢𝛽𝛽−𝑘𝑘𝛽𝛽

𝑘𝑘=1 . 

2.2.  Discrete mollification

The discrete mollification method [17, 18] consists in 
replacing a set of data 𝑦𝑦 = �𝑦𝑦𝑗𝑗 �𝑗𝑗∈ℤ  by its mollified 

version 𝐽𝐽𝜂𝜂𝑦𝑦,   where 𝐽𝐽𝜂𝜂   is the discrete mollification 
operator defined by

�𝐽𝐽𝜂𝜂𝑦𝑦�𝑗𝑗 ≔ ∑ 𝜔𝜔𝑖𝑖𝑦𝑦𝑗𝑗−𝑖𝑖
𝜂𝜂
𝑖𝑖=−𝜂𝜂 , 𝑗𝑗 ∈ ℤ. 

The support parameter 𝜂𝜂 ∈  ℕ   indicates the width of 
the mollification stencil, and the weights 𝜔𝜔𝑖𝑖    satisfy 
𝜔𝜔𝑖𝑖  =  𝜔𝜔−𝑖𝑖     and 0 ≤  𝜔𝜔𝑖𝑖  ≤  𝜔𝜔𝑖𝑖−1    for 𝑖𝑖 =  1, . . . , 𝜂𝜂  

along with 𝜔𝜔−𝜂𝜂  + · · ·  + 𝜔𝜔𝜂𝜂−1  +  𝜔𝜔𝜂𝜂  =  1 . The 
weights 𝜔𝜔𝑖𝑖   are obtained by numerical integration of 
a suitable truncated Gaussian kernel. Details can be 
found in [1, 2, 3, 16, 20].

2.3.  Discretization of the direct problem

The domain Ω𝑇𝑇   is discretized by a standard Cartesian 
grid by setting 𝑥𝑥𝑗𝑗 : = 𝑗𝑗∆𝑥𝑥, 𝑗𝑗 = 0, … ,𝒩𝒩 ,  where 
𝒩𝒩∆𝑥𝑥 = 𝐿𝐿 and   𝑡𝑡𝑛𝑛 : = 𝑛𝑛∆𝑡𝑡, 𝑛𝑛 = 0, … ,ℳ ,  where 
ℳ∆𝑡𝑡 = 𝑇𝑇 .

We denote by 𝑢𝑢𝑗𝑗𝑛𝑛   an approximate value of the cell 
average of u = u(x, t) over the cell [𝑥𝑥𝑗𝑗 , 𝑥𝑥𝑗𝑗+1]   at time 
𝑡𝑡 = 𝑡𝑡𝑛𝑛   and correspondingly set

𝑢𝑢𝑗𝑗0 =
1
Δ𝑥𝑥

� 𝑢𝑢0(𝑥𝑥) d𝑥𝑥
𝑥𝑥𝑗𝑗+1

𝑥𝑥𝑗𝑗
,   𝑗𝑗 = 0, … ,𝒩𝒩 − 1. 

We solve (1) numerically using two convergent finite 
difference methods. The first one [8, 13] has the following 
form, where 𝜆𝜆 ∶=  ∆𝑡𝑡/∆𝑥𝑥   and µ ∶= ∆𝑡𝑡/∆𝑥𝑥2: 

						    

Here 𝐹𝐹𝐸𝐸𝐸𝐸  stands for the well-known Engquist-Osher 
numerical flux [12], and ∆+  denotes the standard 
forward difference operator. Scheme (5) is monotone 
and convergent under the CFL condition

𝜆𝜆‖𝑓𝑓′‖∞ + 2𝜇𝜇‖𝑎𝑎‖∞ ≤ 1.   			   (6)

The second finite difference method is the mollified 
scheme [2], which is also monotone and convergent 
and takes the form

𝑢𝑢𝑗𝑗𝑛𝑛+1 = 𝑢𝑢𝑗𝑗𝑛𝑛 − 𝜆𝜆∆+𝐹𝐹𝐸𝐸𝐸𝐸�𝑢𝑢𝑗𝑗−1
𝑛𝑛 ,𝑢𝑢𝑗𝑗𝑛𝑛�

+2𝜇𝜇𝐶𝐶𝜂𝜂 �[𝐽𝐽𝜂𝜂𝐴𝐴�𝑢𝑢𝑗𝑗𝑛𝑛�]𝑗𝑗 − 𝐴𝐴�𝑢𝑢𝑗𝑗𝑛𝑛�� ,
  	 (7)
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with

𝐶𝐶𝜂𝜂 ≔ �∑ 𝑗𝑗2𝜔𝜔−𝑗𝑗
𝜂𝜂
𝑗𝑗=−𝜂𝜂 �

−1
. 

 
This is an explicit method and has the convenient CFL 
condition

𝜆𝜆‖𝑓𝑓′‖∞ + 2𝜇𝜇𝜀𝜀𝜂𝜂‖𝑎𝑎‖∞ ≤ 1,  			   (8)

where 𝜀𝜀𝜂𝜂 < 1 . (For the particular mollification 
w e i g h t s  c o n s i d e r e d  h e r e i n ,  w e  o b t a i n 
𝜀𝜀3 =  0.7130, 𝜀𝜀5  =  0.3969 𝑎𝑎𝑎𝑎𝑎𝑎 𝜀𝜀8  =  0.1960 . ) 

Clearly, condition (8) is more favorable than (6) since 
it shows that for a given value of ∆x, mollified schemes 
may proceed by larger time steps. See [2] for more 
details on this scheme.

3.  SENSITIVITY AND STABILITY ANALYSIS

3.1.  Parameter identification problem

The inverse problem can be formulated as follows: 
given observation data 𝑢𝑢𝑜𝑜𝑜𝑜𝑜𝑜 (𝑥𝑥)  at the final time T > 
0 and functions 𝑢𝑢0 , 𝜓𝜓0  and 𝜓𝜓𝐿𝐿 , find the flux f and the 
diffusion function a such that the entropy solution u(x, 
T) of problem (1) is as close as possible to 𝑢𝑢obs (𝑥𝑥)  in 
some suitable norm. The inverse problem is solved by 
minimizing the cost function 

𝐽𝐽�𝑢𝑢(. ,𝑇𝑇)� =
1
2

 � �𝑢𝑢(𝑥𝑥,𝑇𝑇)
𝐿𝐿

0

− 𝑢𝑢obs (𝑥𝑥)�
2𝑑𝑑𝑑𝑑. 

 	 (9)

Since the functions f and a depend on a vector of 
parameters, the inverse problem corresponds to the 
following parameter identification problem:

𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀𝑀 𝐽𝐽(𝒑𝒑) 𝑤𝑤. 𝑟𝑟. 𝑡𝑡.𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝𝑝 𝑣𝑣𝑣𝑣𝑣𝑣𝑣𝑣𝑣𝑣𝑣𝑣 𝒑𝒑.     (𝑃𝑃𝑃𝑃) 

The functions f and a are associated to the current 
parameter vector 𝒑𝒑 .

We define the piecewise constant function 𝑢𝑢Δ   
b y  𝑢𝑢Δ(𝑥𝑥, 𝑡𝑡)  = 𝑢𝑢𝑗𝑗𝑛𝑛   f o r  𝑥𝑥 ∈  [𝑥𝑥𝑗𝑗 , 𝑥𝑥𝑗𝑗+1) 
and 𝑡𝑡 ∈  [𝑡𝑡𝑛𝑛 , 𝑡𝑡𝑛𝑛+1)  for  𝑗𝑗 =  0, . . ., 𝒩𝒩−  1   and 
𝑛𝑛 =  0, . . ., ℳ−  1  and replace 𝑢𝑢obs   by a 

piecewise constant function 𝑢𝑢obs ,∆  formed by cell 
averages as follows:

𝑢𝑢obs ,∆ (𝑥𝑥) = 𝑢𝑢𝑗𝑗obs

=
1
∆𝑥𝑥

� 𝑢𝑢obs (𝑥𝑥) d𝑥𝑥     
𝑥𝑥𝑗𝑗+1

𝑥𝑥𝑗𝑗
for 𝑥𝑥ϵ�𝑥𝑥𝑗𝑗 ,𝑥𝑥𝑗𝑗+1�, 

 
where j = 0,..., 𝒩𝒩   −1. The parameter dependent cost 
function is

 
Figure 1. Reference solution

𝐽𝐽Δ(𝒑𝒑) =
1
2
� �𝑢𝑢∆(𝑥𝑥,𝑇𝑇) − 𝑢𝑢obs ,∆(𝑥𝑥)�

2 d𝑥𝑥
𝐿𝐿

0

=
Δ𝑥𝑥
2
��𝑢𝑢𝑗𝑗ℳ − 𝑢𝑢𝑗𝑗obs �

2
𝒩𝒩−1

𝑗𝑗=0

.
 	 (10)

This yields a discrete version of (PI) given by

�
𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚𝑚 𝐽𝐽Δ(𝒑𝒑) 𝑤𝑤. 𝑟𝑟. 𝑡𝑡.  𝒑𝒑

𝑢𝑢Δ ,𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛𝑛 𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠𝑠 𝑜𝑜𝑜𝑜 (1) 
𝑓𝑓 𝑎𝑎𝑎𝑎𝑎𝑎 𝑎𝑎 𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎𝑎 𝑡𝑡𝑡𝑡 𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐𝑐 𝒑𝒑.

     (𝑃𝑃𝑃𝑃∆) 

There are many options for  the numerical 
implementation of the optimization procedure. We 
selected a globalized bounded Nelder-Mead Method 
with restarts (MATLAB function fminsearch, see [15] 
for details), which is a major improvement over the 
basic simplex method. The strategy is described by the 
following algorithm. Suppose 𝒑𝒑𝑗𝑗 = �𝑝𝑝𝑗𝑗1, … ,𝑝𝑝𝑗𝑗𝐾𝐾� , that 
is, K different parameters are sought.

Step 1 Input 𝒑𝒑0, 𝜖𝜖 

Step 2 for 𝑗𝑗 = 1 𝑡𝑡𝑡𝑡 𝑀𝑀 

  𝒑𝒑𝑗𝑗 =  fminsearch �𝐽𝐽Δ ,𝒑𝒑𝑗𝑗−1�.  

If max
1≤𝑘𝑘≤𝐾𝐾

�
𝑝𝑝𝑗𝑗𝑘𝑘 − 𝑝𝑝𝑗𝑗−1

𝑘𝑘

𝑝𝑝𝑗𝑗−1
𝑘𝑘 � ≤ 𝜖𝜖  then break, end



Acosta et al / Dyna, year 81, no. 183, pp. 22-30, February, 2014.26

Step 3 End.

3.2.  Numerical examples

The reference solution is generated by the corresponding 
numerical scheme (5) or (7) on a very fine grid. For 
examples 1, 2 and 3 we consider batch settling in a 
column of height 𝐿𝐿 =  0.16  m and parameter values

 𝑢𝑢max =  0.5,𝑔𝑔 =  9.81m/s2,𝜌𝜌s  −  𝜌𝜌f  =
 1660 kg/m3 , 𝑣𝑣∞  = −2.7 ×  10−4 m/s , C = 21.5, 
𝛽𝛽 = 5,𝑢𝑢c = 0.07 and 𝜎𝜎0 = 1.2Pa. 

The objective is to obtain an accurate identification 
of the parameters 𝑢𝑢c   𝜎𝜎0   and 𝐶𝐶  in eight different 
instances described in Table 1. Our experiments include 
clean and noisy observation data. Data at the instant 
𝑇𝑇   =  800 s  will play the role of 𝑢𝑢obs  . Figures 1 

and 2 (a) show the reference solution over the whole 
computational domain and the profile at 𝑇𝑇  =  800 s , 
respectively. The restarting parameter and the tolerance 
parameter for the optimization are 𝑀𝑀  =  10 and 
𝜖𝜖 =  10−4 , respectively.

Example 1: Sensitivity to mollification parameters. Clean 
observation data (no noise added) and ∆𝑥𝑥 =  𝐿𝐿/256 . 
The results are summarized in Table 2. Here, 𝑗𝑗  denotes 
the number of calls to the fminsearch algorithm, 
𝒑𝒑𝒋𝒋  is the vector of parameter values found, 𝐸𝐸𝐽𝐽   is the 
required number of computed solutions of the direct 
problem, 𝑒𝑒∞    is the maximum relative error in the 
result for each parameter (usually due to 𝜎𝜎0 ), and 𝐶𝐶𝐶𝐶𝐶𝐶 
denotes the total CPU time of each run.

Example 2: Sensitivity to initial guess. We 
randomly generate 100  initial guesses and carry 
out the identification task. Each initial guess 
𝒑𝒑𝟎𝟎 = (𝑢𝑢 c0,𝜎𝜎0

0 ,𝐶𝐶0)𝑇𝑇  is generated in the form 

𝑢𝑢𝑐𝑐0 = (1 + 0.3𝜉𝜉1)𝑢𝑢𝑐𝑐 ,𝜎𝜎0
0 = (1 + 0.3𝜉𝜉2)𝜎𝜎0, 

 𝐶𝐶0 = (1 + 0.3𝜉𝜉3)𝐶𝐶, 
where  𝜉𝜉  =  (𝜉𝜉1, 𝜉𝜉2, 𝜉𝜉3)𝑇𝑇 ∈ ℝ3  i s  a  uniformly 
distributed random vectorial variable whose components  
are between −1 and 1. The results are indicated in Table 3. 
Here, the average 𝑒̅𝑒∞   of 𝑒𝑒∞   and its standard deviation 𝜎𝜎  
are included. Additionally, column “# restarts” stands 
for the number of calls of fminsearch and 𝐸𝐸𝐽𝐽   for 
the number of solutions of the direct problem.

Figure 2. Profiles 𝑢𝑢obs   for Examples 1 and 2 (clean data) 
and Example 3 (noisy data 𝜖𝜖 = 0.05 ) respectively

Example 3: Effect of noisy observation data. We 
randomly generate 100 final profiles and associate 
them to the previously generated initial guesses. The 
corrupted profile is generated as follows:

𝑢𝑢𝑗𝑗𝜀𝜀 = �1 + 𝜀𝜀𝜑𝜑𝑗𝑗 �𝑢𝑢obs �𝑥𝑥𝑗𝑗 �,
𝑗𝑗 = 0, … ,𝒩𝒩 − 1, 

where 𝜀𝜀 =  0.01, 0.03  and 0.05 , and 𝜑𝜑𝑗𝑗    is a uniformly 
distributed random variable assuming values between 
−1 and 1. The results are in Table 4.
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Figure 3. Two parameter cost functionals for parameter sets (a) (𝐶𝐶,𝑢𝑢c) ,  (b) (𝐶𝐶,𝜎𝜎0)   and (c) (𝑢𝑢c ,𝜎𝜎0) .

Table 1. Example 1: initial guesses used for identification experiments.
initial guess parameter values initial  guess parameter values

A (0.7uc, 0.7𝜎𝜎0 , 0.7C) E (1.3uc, 0.7𝜎𝜎0 , 0.7C)

B (0.7uc, 0.7𝜎𝜎0 , 1.3C) F (1.3uc, 0.7𝜎𝜎0 , 1.3C)

C (0.7uc, 1.3𝜎𝜎0 , 0.7C) G  (1.3uc, 1.3𝜎𝜎0 , 0.7C)

D (0.7uc, 1.3𝜎𝜎0 , 1.3C) H  (1.3uc, 1.3𝜎𝜎0 , 1.3C)

Table 2. Example 1: Results for the basic scheme (5) and the mollified scheme (7) with η = 3, 5 and 8.
IG j 𝒑𝒑𝒋𝒋 𝑬𝑬𝒋𝒋 𝒆𝒆∞  CPU [s]

Basic scheme (5) A 2 (0.0697, 1.1219, 21.4706) 290 0.0651 79.863
B 4 (0.0696, 1.1111, 21.4700) 517 0.0741 90.310
C 5 (0.0697, 1.1324, 21.4700) 616 0.0564 163.74
D 3 (0.0696, 1.1252, 21.4699) 669 0.0623 127.96
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IG j 𝒑𝒑𝒋𝒋 𝑬𝑬𝒋𝒋 𝒆𝒆∞  CPU [s]

E 3 (0.0696, 1.1179, 21.4700) 367 0.0684 59.662
F 6 (0.0696, 1.1117, 21.4700) 674 0.0736 108.77
G 3 (0.0696, 1.1114, 21.4700) 421 0.0738 71.391
H 2 (0.0696, 1.1180, 21.4700) 391 0.0684 64.747

Mollified  scheme (7) A 2 (0.0695, 1.1104, 21.5067) 356 0.0746 89.43
with η = 3 B 4 (0.0695, 1.1105, 21.5067) 490 0.0746 89.77

C 2 (0.0695, 1.1104, 21.5067) 296 0.0747 103.1
D 5 (0.0695, 1.1103, 21.5067) 797 0.0747 155.8
E 3 (0.0696, 1.1259, 21.5075) 332 0.0617 58.19
F 3 (0.0696, 1.1294, 21.5066) 358 0.0588 61.25
G 3 (0.0695, 1.1104, 21.5068) 402 0.0747 73.08
H 5 (0.0695, 1.1104, 21.5065) 676 0.0747 119.7

Mollified  scheme (7) A 5 (0.0500, 0.1486, 21.5456) 685 0.8762 152.8
with η = 5 B 5 (0.0697, 1.1651, 21.5465) 664 0.0291 105.8

C 3 (0.0695, 1.1124, 21.5466) 486 0.0730 103.6
D 3 (0.0696, 1.1301, 21.5465) 639 0.0582 107.1
E 3 (0.0696, 1.1301, 21.5466) 445 0.0583 69.26
F 6 (0.0695, 1.0945, 21.5466) 697 0.0879 107.7
G 3 (0.0696, 1.1299, 21.5466) 485 0.0584 78.23
H 4 (0.0696, 1.1472, 21.5465) 807 0.0440 128.4

Mollified  scheme (7) A 2 (0.0696, 1.1174, 21.5777) 293 0.0688 49.008
with η = 8 B 3 (0.0697, 1.1530, 21.5776) 461 0.0391 64.792

C 4 (0.0697, 1.1531, 21.5776) 649 0.0391 107.35
D 2 (0.0697, 1.1530, 21.5777) 418 0.0391 60.759
E 3 (0.0697, 1.1531, 21.5776) 535 0.0391 74.026
F 3 (0.0696, 1.1174, 21.5777) 543 0.0688 73.858
G 4 (0.0697, 1.1531, 21.5776) 576 0.0391 80.604
H 2 (0.0697, 1.1531, 21.5776) 640 0.0391 89.225

Table 3. Example 2: Results for the basic scheme (5) and the mollified scheme (7) for different values of ∆x and η.
∆x/L Scheme # restarts 𝐸𝐸𝑗𝑗  𝑒𝑒∞̅   ± σ CPU[s]

1/128 (5) 387 53693 0.1400 ± 0.0329 49.17
(7), η = 3 340 49274 0.1295 ± 0.0338 53.92
(7), η = 5 333 50659 0.0909 ± 0.0315 50.91
(7), η = 8 276 41263 0.0534 ± 3.72e-05 39.36

1/256 (5) 388 48842 0.0696 ± 0.0096 136.03
(7), η = 3 398 53513 0.0739 ± 0.0081 160.74
(7), η = 5 355 48280 0.0587 ± 0.0174 125.46
(7), η = 8 326 48392 0.0431 ± 0.0190 114.35

1/512 (5) 334 38879 0.0312 ± 0.0038 440.91
(7), η = 3 352 40416 0.0332 ± 0.0049 439.55
(7), η = 5 346 41128 0.0278 ± 0.0057 352.47
(7), η = 8 374 47250 0.0195 ± 0.0072 335.24

Continuation Table 2.
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 Table 4. Example 3, ∆x = L/256: results for the basic scheme (5) and the mollified scheme (7) for different values of ε and η. 
ε Scheme # restarts EJ 𝑒𝑒 ̅∞  ± σ CPU[s]

0.01 (5) 385 50310 0.0661 ± 0.0264 140.63
(7), η = 3 367 50489 0.0674 ± 0.0238 152.60
(7), η = 5 368 52214 0.0533 ± 0.0256 135.85
(7), η = 8 331 47153 0.0401 ± 0.0260 110.56

0.03 (5) 376 49025 0.0801 ± 0.0554 137.65
(7), η = 3 364 48447 0.0807 ± 0.0533 146.72
(7), η = 5 374 50622 0.0760 ± 0.0528 132.10
(7), η = 8 353 49136 0.0710 ± 0.0524 115.31

0.05 (5) 378 49716 0.1163 ± 0.0913 140.31
(7), η = 3 376 51246 0.1149 ± 0.0897 156.50
(7), η = 5 359 50344 0.1129 ± 0.0902 131.10
(7), η = 8 332 49139 0.1084 ± 0.0915 115.54

3.3.  Conclusions

According to Table 2, most of the identifications are 
successful and 𝜂𝜂 =  8  seems to be the best choice. 
For the initial guess A the method for 𝜂𝜂 =  5  does 
not converge, but it does converge when started 
with initial guesses close to A. The results in Table 
3, corresponding to Example 2, illustrate how by 
improving the spatial resolution (i.e., reducing ∆x) the 
quality of the identification is increased.

Table 4 indicates that the level of noise influences the 
quality of the recovery but stability is never lost.

Summarizing, this parameter identification procedure 
yields good results for both the basic scheme and its 
mollified versions but the mollified approach returned 
advantages not only in CPU time (in s), but also in the 
error level, the sensitivity to the initial guess and the 
effect of noise in the data. This well-posed behavior 
was already suggested by the convex-shape of the cost 
functional (Figure 3.)
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ABSTRACT: The information and communications technologies (ICT) are increasingly used in society and business. ICT have become 
a key element for business development and the improvement of activities in all departments. Analogously, the rise of Computerized 
Maintenance Management Systems (CMMS), Condition Based Maintenance (CBM), and the use of remote devices and functions such 
as e-maintenance, have opened great possibilities for maintenance optimization.  Those techniques have resulted in the emergence of 
technological challenges such as interoperability between different systems in order to exchange and coordinate information. In this context, 
the application of business process modelling is a crucial methodology to understand and implement those maintenance techniques.  In 
this paper, we use business process modelling approach to design a system architecture that integrates CMMS, CBM and e-maintenance 
methods, tools, and processes. The data model is based on the MIMOSA standard.

Keywords: CMMS, CBM, E-Maintenance, UML, MIMOSA.

RESUMEN: Las tecnologías de la información y la comunicación (TIC) se utilizan cada vez más en la sociedad y en los negocios. Las 
TIC se han convertido en un elemento clave para el desarrollo empresarial y la mejora de las actividades en todos los departamentos de 
una organización. Análogamente, la creciente importancia de los Sistemas de Gestión de Mantenimiento asistido por Ordenador (CMMS), 
Mantenimiento Basado en la Condición (CBM), y la aplicación de dispositivos remotos y funciones como el e-mantenimiento, han abierto 
grandes posibilidades para la optimización del mantenimiento. Estas técnicas han dado lugar a la aparición de retos tecnológicos, tales como 
la interoperabilidad entre diferentes sistemas para intercambiar y coordinar la información. En este contexto, la aplicación del modelado de 
procesos de negocio es una metodología fundamental para entender y aplicar las mencionadas técnicas de mantenimiento. En este artículo 
se presenta una arquitectura para mostrar la forma en que el modelado de procesos de negocio permite la implementación de un sistema que 
integra CMMS, CBM y el e-mantenimiento. El modelo de datos se describe de acuerdo con la estructura de base de datos de MIMOSA.

Palabras clave: CMMS, CBM, e-mantenimiento, UML, MIMOSA.

1.  INTRODUCTION

The information and communications technologies 
(ICT) are a key pillar in an organization, due their 
capabilities of supporting and facilitating maintenance 
management [1, 2].

The application of ICT in maintenance emerged in the 
1970’s, when the first personal computers appeared. At 
that time computer systems were limited to performing 
only certain scheduling tasks for preventive actions [3]. 
Over time, several technologies have been evolving 
and with them, the integration of maintenance systems 

has grown.  In particular, three main applications have 
been identified as novel techniques for an effective 
maintenance operation: (i) Computerized Maintenance 
Management Systems (CMMS), (ii) Condition Based 
Maintenance (CBM) and (iii) e-maintenance processes. 

A CMMS is a software tool for maintenance management 
that incorporates open access to information that 
facilitates the decision making process regarding 
maintenance activities [4].  CBM is a technique used 
to monitor machines for the purpose of diagnostics 
and prognostics [5].  E-maintenance is the set of 
maintenance processes that uses the e-technologies to 



López-Campos et al / Dyna, year 81, no. 183, pp. 31-39, February, 2014. 32

enable proactive decisions in a particular organization 
(definition partially derived from Levrat et al. [6]).

The implementation of these techniques, tools and 
processes on the shop floor is not a trivial issue. Overall, 
integrating them into a single software platform is the 
most challenging concern. Therefore several academics 
and professionals underline the need for a structured 
approach to support their actual implementation, use, 
and integration [7, 8]. In this paper we use business 
process modelling to develop such a structured 
approach. Specifically we use Business Process 
Modelling Notation (BPMN) to represent the flow 
of activities that are required for an implementation. 
Secondly, we use the Unified Modelling Language 
(UML) to represent the principal objects constituting 
the e-maintenance platform, their relations and static 
operation structure. Finally, the variety of technologies 
related to the proposed platform, implies the existence 
of multiple communication protocols, data connections, 
configurations, etc.  In this respect, we refer to the 
Maintenance Information Management Open System 
Alliance (MIMOSA) standard as a useful reference. 

The paper is organized as follows: Section 2 describes 
the concept of CMMS, CBM and e-Maintenance. 
Section 3 contains a literature review and problem 
statement.  Section 4 briefly introduces the business 
process modelling techniques we use in this paper. 
Section 5 shows the system architecture for the 
integration of CMMS, CBM, e-Maintenance in the 
emaintenance integration platform. Finally, Section 6 
provides conclusions and future directions.

2.  CMMS, CBM and E-MAINTENANCE

The following three subsections detail the most 
important characteristic of the aforementioned 
maintenance techniques.

2.1.  CMMS

The main objective of a CMMS is to provide a tool 
to analyze maintenance and equipment information 
in order to optimize the management and support for 
strategic, tactical and operational decisions. An important 
requirement for these systems is the compatibility and 
integration with other systems that contains organizational 
information. Fumagalli et al. [9] indicate CMMS as 

a success factor for the organization of maintenance 
programs. CMMS allows access to information that can 
be used to prioritize actions and make better decisions 
in maintenance activities. The CMMS can also provide 
adequate control of the system. According to Crain [10] 
incorporating a complete management system in the 
maintenance function can reduce 10-30% annual budget 
of the maintenance department. Ros [11] identifies the top 
five most implemented CMMS systems around the world: 
SAP Plant Maintenance, Maximo Asset Management, 
MP2, Ellipse and PMC. 

2.2.  CBM

CBM is defined as the preventive maintenance based on 
monitoring the operation, the parameters of the element, 
and the subsequently executed actions [12]. Monitoring 
is the manual or automatic task of observing the current 
state and behaviour of a given shop floor element 
(commonly the thermal and vibratory behaviour) [13]. 
The final goal of the monitoring task is to adopt a 
condition-based maintenance approach in order to reduce 
the probability of failure and prevent irreversible damage 
to the equipment. CBM allows maximizing the service 
life of equipment and its components, anticipating 
failures by monitoring significant parameters. For 
these reasons, CBM is a key component of proactive 
maintenance. In recent years, both the reduction of 
the price of sensors and the increase of information 
processing capacity have enhanced the development 
of automatic diagnostic tools. In this context, one of 
the most widespread applications is the e-CBM, as it 
is technically feasible, economically viable, and offers 
many benefits. More specifically, it significantly reduces 
downtime, saves up to 20% in small production losses, 
improves quality and reduces stocks of spare parts. [14]. 

2.3.  E-Maintenance

Although the term e-Maintenance has been used 
since 2000 as a component of eManufacturing, at the 
present time there is not yet a standardized definition 
of eMaintenance given by an official institution. We 
may say that e-Maintenance is “the set of maintenance 
processes that uses the e-technologies to enable 
proactive decisions in a particular organization” 
(definition partially derived from Levrat et al. [6]). 
Those maintenance processes and methods required 
to operate them (technologies, procedures, standards, 
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etc) are specific to each organization according to its 
particular characteristics.  This means that, for different 
organizations, e-Maintenance could involve different 
spheres of activities. Frequently, these activities include: 
e-monitoring, e-prognosis, e-diagnosis, e-management, 
e-service, remote maintenance and, collaborative 
maintenance. Such activities are supported by means 
of a variety of hardware and software technologies 
such as wireless and mobile devices, embedded 
systems, web based applications, P2P networks, multi-
agent applications, specific software architectures, 
communication protocols, among others.  

3.  LITERATURE REVIEW AND PROBLEM 
SCOPE

We performed a literature review to recognise similar 
previous attempts at integration of CMMS, CBM and 
e-maintenance on a single system. The search was 
specially focused to find projects using modelling 
languages such as BPMN, UML and/or interoperability 
standards such as MIMOSA. Specifically, we found 10 
studies focused on these issues. A list of these papers 
is reported in Table 1. In this Table we also reported a 
summary of the specific problem they deal with and the 
approach and methodology they use to solve that problem.

Although the referred papers focus on CMMS, CBM, 
e-maintenance, none of those works clearly propose a 
structured approach to integrate all of these tools and 
techniques in a unique platform. This literature review 
underlines that there is a lack of models that clearly show 
“which” specific data should be shared among CMMS, 
CBM and E-Maintenance tools and techniques and 

“how” these data should be used in order to create an 
integrated e-maintenance platform. Motivated by these 
observations, we wish to unambiguously show how 
to create a fully coordination mechanism combining 
CMMS, CBM and E-Maintenance. To this aim, we 
adopt a business process modelling approach and more 
specifically we use (a) BPMN (a standard for business 
process modelling) to design the process of integration 
of the CMMS, CBM and E-Maintenance components; 
(b) the UML class diagram (a standard for software 
system design) to design the main software components 
of the  e-maintenance platform and their relationships; 
(c) MIMOSA for standardizing the interoperability of the 
platform. In the next section we give a brief overview of 
the business process modelling languages and standards.  

4.  BUSINESS PROCESS MODELLING

Business process modelling, means the use of methods, 
techniques and software to design, control and 
analyze operational processes involving humans, 
organizations, applications, documents and other 
sources of information [15].  Business process modelling 
has become an important subject especially since the 
1990s, when companies were encouraged to think in 
terms of “processes” instead of “functions” [16]. 

From then on, business process modelling has been 
used in industry to obtain a global vision of processes 
by means of support, control and monitoring activities 
[17], to facilitate the comprehension of the business key 
mechanisms, to be a base for the creation of appropriate 
information systems [18], to improve the business 
structure and operations, etc. [19].

Table 1.  Literature review

Year Author Title Contribution/approach

1995 Deb et al. [20]  Multisignal Modeling for Diagnosis, 
FMECA, and Reliability

Developing of a complete solution package for Integrated 
Diagnostics (ID) It includes some reliability equations.  

2001 Finley, and 
Schneider [21]

ICAS: the center of diagnostics and 
prognostics for the US Navy.

The US Navy chose to apply the Integrated Condition 
Assessment System (ICAS). One of its key requirements 
to enable CBM is the ability to track machinery 
performance and diagnose machinery health.  

2006 Kothamasu et 
al. [22]

System health monitoring and prognostics 
-  A review of current paradigms and 
practices

This paper reviews the philosophies and techniques that 
focus on improving reliability and reducing unscheduled 
downtime by monitoring and predicting machine health.  It 
proposes the use of qualitative information,   extracted from  
failure mode  and  effects analysis  (FMEA)  or  fault tree  
analysis  (FTA)  into  a quantitative  analysis  that  generates  
diagnostic recommendations. 
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Year Author Title Contribution/approach

2008 Gao et al. [23] Implementation of OSA-CBM standard 
based on .NET remoting

An assembly for MIMOSA OSA-CBM standard is 
developed on the .NET platform. This paper shows that 
the integration method for CBM is feasible through a 
demo program.

2008 Nemeth et al. 
[24]  

Complex diagnostic methods for lifetime 
extension of power transformers

It shows the main elements to perform complex diagnostic 
analysis in a transformer system. This paper presents a 
management system for monitoring and diagnosis. 

2009 Wessels, and 
Sautter [8]

Reliability analysis required to determine 
CBM Condition Indicators

A reliability-centered analysis is presented that defines 
the method to correctly select the CBM as a technically 
and economically viable maintenance solution. This paper 
proposes a diagram to decide whether or not to implement 
CBM. It does not integrate CMMS. 

2010 Li et al. [25] A fast development framework for 
condition-based maintenance systems

In this paper, a framework is proposed to reduce the 
development complexity of CBM systems, enabling CBM 
modules independently constructed and dynamically 
integrated. 

2011 Trappey et al. 
[26]

Maintenance chain integration using Petri-
net enabled multiagent system modeling 
and implementation approach

This research proposes a collaborative environment 
integrated by a service center of diagnosis, prognosis, 
and asset operations.  To realize the automation of 
communication and negotiation, multi-agent systems, 
Petri-net modeling and UML are applied.

2012 Galar et al. 
[27]

Maintenance decision making based on 
different types of data fusion

This paper proposes a combined data mining-based 
methodology to collect useful data from a CMMS to be 
used in CBM processes.

2012 Chang et al. 
[28]

Development of an e-operation framework 
for SoPC-based reconfigurable applications

It presents a conceptual framework for e-operations with 
the capability of e-maintenance, integrating e-diagnostic, 
among other processes.  UML is used as the tool to 
accomplish the object-oriented analysis and to design the 
system.

Several benefits deriving from the adoption of business 
process modelling have been identified in the literature: 
improvement of the speed of business processes, 
increase of the clients’ satisfaction, optimization and 
elimination of unnecessary tasks, and incorporation 
of clients and partners in the business processes [29].

Process modelling is the subject of interest in many 
different fields, such as the managerial area [30] and 
software engineering. This is due to the fact that it does 
not only describe processes, but in addition it represents 
a preparatory stage for the improvement of business 
processes, process reengineering, technological 
transference and processes standardization [31].

There are several standards for business process modelling. 
To model the e-maintenance platform proposed in this 
paper, we use the Unified Modelling Language (UML) 
and Business Process Modelling Notation (BPMN). 

Both standards are maintained by the OMG (Object 
Management Group). During the past years, the most used 
modelling standards were IDEF (Integration DEFinition), 
RAD (Role-Activity Diagrams), EXPRESS-G and STEP 
(Standard for the Exchange of Product model data).  
However, the use of UML and BPMN standards in 
modelling maintenance models, processes and software 
systems is largely increasing. Among other advantages of 
using BPMN and UML, the easy translation of their models 
into software code is probably the factor most responsible 
for their diffusion. [32].

5.  A PROPOSED SYSTEM ARCHITECTURE

To obtain the best results of ICT in maintenance, we 
need to apply the 

mentioned maintenance techniques in a coordinated 
manner.  Each approach (CMMS, CBM and 
e-maintenance) is proved to provide benefits to 

Continuation Table 1. 
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the maintenance management, improving at least 
the efficiency of the maintenance processes. This 
architecture show a maintenance system that combines 
the registers of CMMS with the information provided 
by sensors, providing a data model to allow the 
development of a system that combines the features of 
CMMS and CBM in an e-maintenance platform. In the 
next subsections we present the main e-maintenance 
process and the data model for the integration platform. 

5.1.  E-maintenance process

The general operation of the proposed system integration 
is shown in Figure 1.  This Figure shows the activity 
flow of the CMMS—CBM integration expressed using 
the BPMN standard.  Every maintenance element 
(CMMS and CBM) is represented by a pool division 

instead of swimlanes, since CBM and CMMS are two 
different informatics systems, each one using their own 
protocols. The tangible output documents are indicated 
by using the artifact notation. As already mentioned, 
the third element constituting the e-maintenance 
integrated platform is the e-maintenance process itself. 
Indeed, although  e-maintenance can be viewed as a 
technique (or set of techniques), the general  idea of 
our approach is to consider e-maintenance as the whole 
process of integrating all the maintenance components 
and elements. In accordance with [33] we consider 
e-maintenance a philosophy supporting the operation 
of the entire system and making information exchange 
possible among remote elements. This is why, there is no 
pool in the BPMN diagram representing this component, 
but, instead, it is represented by the flow of activities and 

 
Figure 1.  BPMN diagram of the integration system

the exchange of messages (dotted lines in Figure 1) 
among CMMS and CBM.

5.2.  Data model

Figure 2 is a UML class diagram that shows the 
main software components, their relationships, and 
the exchanged information. In fact, the UML classes 
specified for the data model in Figure 2, have been 
inherited from MIMOSA standard in order to keep the 
data model compatible with the MIMOSA database 
structure and to guarantee interoperability. 

For the sake of clarity, we distinguish class attributes into 
NEW and MIMOSA attributes. MIMOSA attributes come 
from simple elaboration and interpretation of the attributes 
already defined in the MIMOSA specification. On the 
contrary, NEW attributes are newly defined and have been 
added only when necessary. Analogously, we omitted from 
the model those attributes of the MIMOSA specification 
that are not useful in the scope of this work. Our experience 
in implementing the MIMOSA standards in real cases, 
confirmed that interpreting MIMOSA is not an easy subject. 
For a company, is quite difficult to match its information 
and knowledge within the MIMOSA specifications. For this 
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reason, the model proposed here is based on our elaboration 
and interpretation of MIMOSA. A short description now 
follows in order to help the reader navigate the model. The 
following classes come directly from the MIMOSA 
specification: Item, Function, MeasLoc, DataEvent, 
AlertRegion, 

ItemRecommendation, ItemRequestForWork and 
HypotheticalEvent. Two classes have had their 
names changed with respect to MIMOSA: Alert and 
EventHistory. Alert represents an alarm. The MIMOSA 
specification also describes the concept of Alert by a 

larger number of classes. Here a simplification and 
synthesis is adopted. EventHistory is a new class 
introduced to describe the information that is normally 
stored in a CMMS as records of events happened in the 
past (like failures, preventive maintenance tasks, etc.); 
the specification is done by keeping a name conformed to 
the MIMOSA nomenclature. More in-depth, an item can 
have more than one MeasLoc (measurement location), i.e. 
more than one sensor. Hence, the software tool, needed to 
implement the integration between CMMS-CBM, should 
be able to automatically identify a MeasLoc, through its IP 
address and associate it to an Item through a user interface.

Figure 2.  UML Data model of the integrated system

The main idea behind this concept is that common 
sensors are generally related to an IP. This IP could 
be the IP of the controller that connects more than one 
sensor and it is wired to them. There could be also a 
field-bus to which all the sensors are connected. In these 
two cases a sub-IP for each sensor can be identified. 
Moreover, due to new development of smart-sensors 
[34] it could be envisioned that each sensor is connected 
to the overall network through its own IP identifier. 
Following the chain of activities, the MeasLoc is then 
related with one data event, namely a signal. It is in fact 
established that a MeasLoc sensor can provide only one 
DataEvent so the relationship is one to one. If the reader 

is thinking about sensors providing multiple signals, it is 
worth remembering that one device may have multiple 
transducers; this should be considered when utilizing 
the proposed model . More precisely, in this project the 
MeasLoc is the soft entity used to identify the transducer 
in the scope of the integrated system. More than one 
DataEvent can then be related to an AlertRegion. 

This defines the boundaries (upper and lower levels) 
in which a signal is considered normal; out of these 
bounds something wrong is occurring. One AlertRegion 
can then provide one or more Alerts. Following the 
described chain of relations we can state that one Item 
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can generate multiple Alerts and this seems correct. 
However, we should map one Alert to failure modes 
to be sure that the system can then properly work, in 
order to provide information about a specific failure 
coming from an Alert. The Failure mode is represented 
according to the interpretation of the MIMOSA 
definitions by means of an HypotheticalEvent class. 
This describes all the related events stored in the 
CMMS data base. One or more failure modes are then 
associated with a Function and an Item can have one 
or more functions. To be able to identify one single 
failure mode by an Alert  enough information must be 
collected. It often happens that one alert is associated 
with multiple failure modes. So, in order to directly 
connect one alert to a specific failure mode, one solution 
is that there are enough monitored variables to assign 
one alert to each failure mode. In this way, the user is 
able to connect an Alert with each single failure mode, 
i.e. with a single instance of HypotheticalEvents class.

Besides mapping failure modes to alerts, the user 
could also be called to connect each failure mode (the 
HypotheticalEvent in the UML model) with records 
that represent events that occurred in the real system, 
related to the failure mode, either as a failure or as 
a preventive maintenance task planned to avoid the 
failure (this is the EventHistory in the UML model). 
When this last relation has been set up, the CMMS data-
base can update in real time the occurrence of an event 
in the HypotheticalEvent and EventHistory classes. 

6.  CONCLUSIONS

This work proposes a new data model to allow the 
development of a platform combining the features of 
the three systems, so fostering the achievement of a 
synergy among them. More specifically, we show how 
business process modelling facilitates the process of 
implementing a system that integrates CMMS, CBM 
and e-maintenance. A BPMN model was applied to 
represent the whole process of integration. A UML 
Class diagram was adopted to show the main elements 
(and relations) of the e-maintenance integrated 
platform.  MIMOSA was adopted as a reference for 
designing attributes in the data model. 

Both researchers and professionals are expected to 
benefit from the presented research. Researchers can 
keep exploring different business process modelling 

techniques to further design e-maintenance process 
from different perspectives and also to include 
different maintenance systems and tools. However, 
the presented research has a strong practical vein. 
The proposed framework provides practitioners with 
a methodological approach that concretely support 
them in developing, implementing and integrating 
e-maintenance tools. 

Future developments of this work should consider 
the validation of the model proposed by means of 
representative case studies. 
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ABSTRACT: This paper presents the performance of seventeen rigid pavements made of Portland Cement Concrete (PCC) located in the State 
of Ohio, USA. The Falling Weight Deflectometer (FWD) testing method was used in a total of 58 km of PCC pavement sections to assess the 
pavement structural condition. Each section is classified as excellent, good, fair, or poor based on the normalized deflections obtained from FWD 
tests, spreadability, load transfer, and joint support ratio parameters. The overall performance of the analyzed sections is from good to excellent. The 
field testing methodology along with the performance data analyses presented in this publication are a valuable tool to evaluate the actual structural 
condition of pavements and as a result short or medium term rehabilitation programs can be issued to ensure the serviceability of the pavement.

KEYWORDS: Pavement, Rehabilitation, Rigid pavements, Testing methods, Field tests, Pavement rating, Falling weight deflectometer.

RESUMEN: La presente investigación presenta el desempeño de diecisiete pavimentos rígidos hechos de Concreto con Cemento Portland (PCC) 
localizados en el Estado de Ohio, USA. La metodología de ensayos con el Deflectómetro de Impacto (FWD) se usó en un total de 58 km de secciones 
de pavimentos PCC para evaluar la condición estructural del pavimento. Cada sección se clasifica como excelente, buena, regular o deficiente basado 
en los parámetros de deflexiones normalizadas obtenidas de los ensayos FWD, deformabilidad, transferencia de carga y relación de soporte de las 
juntas. El desempeño global de las secciones analizadas está entre bueno y excelente. La metodología de ensayo de campo, junto con los análisis de 
datos del desempeño presentados en esta publicación, son una herramienta valiosa para evaluar la condición estructural actual de pavimentos y como 
resultado proponer planes de rehabilitación a corto o mediano plazo que garanticen el buen funcionamiento del pavimento.

PALABRAS CLAVES: Pavimentos, Rehabilitación, Pavimentos rígidos, Métodos de ensayo, Ensayos de campo, Evaluación de 
pavimentos, Deflectómetro de impacto.

1.  INTRODUCTION

Rigid pavements are composed of a stiff Portland Cement 
Concrete (PCC) layer resting on a subgrade (base and 
subbase layers that need to be evaluated on a per project 
basis). Due to its stiffness and structure, the traffic load 
applied to the PCC pavement layer is transmitted under 
a wider area of subgrade, inducing a moderate stress and 
strain to the soil [1]. Portland cement concrete pavements 
are classified into three categories: Joint Plain Concrete 
Pavement (JPCP), Joint Reinforced Concrete Pavement 
(JRCP), and Continuously Reinforced Concrete Pavement 
(CRCP). The most common type of pavement in the 
State of Ohio, USA, is the JPCP and normally consists 

of slabs spacing between 12 and 20 ft long, having 
transversal joints reinforced with dowel bars to improve 
the performance of the joints. JRCP is not as common 
as the JPCP and the only difference is that the former 
consists of slabs with transversal joints at intervals of up 
to 50 ft. CRCP does not require transversal joints because 
is reinforced entirely over its length with longitudinal and 
transverse steel bars to prevent cracking due to variability 
in environmental conditions and traffic loading. JRCP and 
CRCP are no longer constructed due to their poor long-
term performance [2].

There are several parameters involved in the PCC 
pavement performance, load transfer being the most 
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crucial. Load transfer is the ability of the slab to 
transmit the load to the adjacent slab through the joint 
to decrease the acting stresses and thus improve the 
pavement performance. Two of the most common 
mechanisms used to increase joint efficiency are dowel 
bars and aggregate interlock. Dowel bars have proved 
to effectively improve joint performance. Their main 
advantage is to allow slab movement in the horizontal 
direction and restrict the movement in the vertical 
direction while transferring the load. The dowel bars 
have a diameter between 32 and 38 mm, a length of 
450 mm and are normally spaced 305 mm from each 
other. The dowel bars also limit the most common 
distress mechanisms in PCC pavement such as faulting, 
pumping, and corner break. The total load transfer 
between slab sections is due to the contribution of both 
the aggregate interlock and the dowel bars. However, 
the contribution due to the aggregate interlock can be 
considered negligible in cracks wider than 0.9 mm [2].

A study of the most significant design and construction 
parameters affecting long-term pavement performance of 
2791.6 km (two directions) of CRCP in the State of Illinois, 
USA, is presented in Gharaibeh et al. [3]. Although some 
of the sections were exposed to extreme weather and traffic 
conditions, they had excellent performance during their 
design life. The study was conducted by analyzing data from 
field surveys collected since 1977. The database included a 
variety of information for each one of the pavements such as: 
section location, slab thickness, steel reinforcement content, 
base type and thickness, average annual temperature and 
precipitation. From this study, it was found that among the 
parameters affecting the CRCP, the reinforcement content 
and the slab thickness had the most critical influence on the 
pavement performance.

In a different study [4], the performance of transverse 
cracking on forty-nine JPCP sections located in the State 
of Michigan was presented. The purpose of this project was 
to determine the key parameters influencing the transverse 
cracking in JPCPs and the conclusions are as follows: a) 
the average number of cracks per slab increases as the 
joint spacing increases; b) the type of coarse aggregate 
of the concrete mix has a significant influence in the 
number of transverse cracks developed in the slabs; c) 
joint performance is directly related to temperature (i.e., 
high temperature increases the load transfer and thereby 
decreasing the crack width); and d) the load transfer value 
is an indicator of the crack condition in which values higher 

than 70% represent satisfactory crack performance (i.e., 
adequate aggregate interlock load transfer across the cracks).

The causes leading to surface longitudinal cracking and 
punch-outs on IH-30 (Interstate Highway) in the State of 
Texas are presented in Chen et al. [5]. Several field and 
laboratory tests were conducted to determine the causes 
of distress mechanisms. The authors concluded that 
longitudinal cracks were developed at early stages due to 
weather changes and to an increase of 30-50% of the design 
load. An evaluation of the performance of unbounded JRCP 
overlays used over existing concrete pavements is presented 
in Padilla-Llano [6]. Results from this investigation showed 
that environmental effects are more critical to the pavement 
than the effect of the traffic load. The strains induced to the 
pavement by the change in the environment are much greater 
than the strains induced during the FWD test.

2.  FIELD TESTING AND SITE DESCRIPTIONS

A total of seventeen Portland cement concrete sections 
distributed along the State of Ohio, United States, were 
investigated. These sections were grouped based on 
the district location and classified either as excellent 
or average pavements depending on the structural 
condition at the time of testing.  Figure 1 shows the 
districts subdivision of the state of Ohio. 

Figure 1.  District subdivision. State of Ohio

Figure 2 shows the Pavement Condition Rating (PCR) 
performance data for rigid pavements in the State of 
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Ohio [7]. The studied sections were a subset of data 
of those used to define Figure 2.  Table 1 presents the 
location, length, district, year, and initial condition 
of the pavement sections. The county, roadway and 
district locations are referred as “Co-Rte” and “Distr.” 
respectively. The directions are referred as upstation 
(U), downstation (D) or with the dual index (DU) for 
the cases when the section was tested in both directions. 
The year refers to construction date. The condition 
refers to the initial performance condition of the section 
as giving by the PCR index.

A Falling Weight Deflectometer (FWD) was used to 
evaluate the structural integrity of these sections.  A 
description of this equipment and testing procedures 
are presented in Sargand et al. [8].  The FWD device 
used for this project consisted of seven sensors, aligned 
radially from the application of the load, to measure 
and record the deflections induced by the FWD.  The 
separation between the sensors can be adjusted to 
measure settlements at different points of interest.  The 
settlements measured from sensors 1 – 5 are used to 
evaluate the pavement structural condition, meanwhile 
settlements measured from sensors 6 and 7 are used to 
estimate the stiffness of the subgrade. 

2.1.  Data interpretation

The modulus of elasticity of the subgrade was 
calculated by taking an average of the values obtained 
from sensors 6 and 7, as described below [9], calibrated 
in U.S. units:

  		  (1)

		 (2)

Eqs. (1) and (2) correspond to the deflections recorded 
for sensors six and seven, respectively.  d24 and d36 are 
the settlement readings from the sensors located at a 
distance of 24 in. and 36 in., respectively from the 
application of the load.   In these equations the values 
of d24 and d36 must be given in microinches (μ-in).

The normalized deflections and spreadability for each 
geophone were computed as follows [10], calibrated 
in U.S units:

	 	 (3)

		  (4)

 corresponds to the geophone readings i= 1 to 7 and 
the load is normalized to 9000 lb (40 kN).

Two additional parameters used to evaluate the 
structural pavement condition of PCC pavement 
sections are the load transfer parameter and the 
joint support ratio. The load transfer parameter is an 
indicator of the joint performance that depends on the 
applied load, aggregate interlock, and temperature 
acting on the pavement. The load transfer is calculated 
using the following equations for the approaching and 
leaving joint positions, respectively:

 			   (5)

			   (6)

, , and  are the geophone readings 
number 1, 2, and 3, respectively. 

The pavement joint condition, as presented in 
Sargand [10], is classified as good, fair or poor for the 
corresponding load transfer ranges of 80-100%, 50-
80%, and less than 50%, respectively.

The Joint Support Ratio (JSR) parameter is an 
indicator of the pavement condition under the slabs 
and is calculated as follows:

				      (7)

 and  are the geophone readings number one 
at the leaving and approaching positions, respectively. 
Table 2 shows the values of deflections, spreadability, 
load transfer, and joint support ratio used to classify 
the structural pavement condition [11].
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Figure 2.  Pavement Condition Rating (PCR) for Rigid Pavements in Ohio. Source Chou et al. [7].

Table 1.  Portland cement concrete pavement sections
Proj. No. Co-Rte SLM Limits Dir. L (mi) Distr. Year Cond.

1 ATH 50 11.46-11.8 U 0.34 10 1986 Avg. 
2 ATH 682 0.16-0.64 DU 0.48 10 1976 Avg. 

3 CUY 82
3.22-3.66 D 0.44

12 1994
Exc.

2.05-3.82 U 1.77 Exc.
4 GAL 7 5.71-10.21 U 4.50 10 1946 Exc.
5 HAM 126 11.35-13.31 DU 1.96 8 1990 Exc.
6 JEF 7 18.9-19.21 D 0.31 11 1990 Avg.
7 JEF 22 15.02-16.32 U 1.30 11 1990 Avg.

8 LOG 33
21.79-25.63 D 3.84

7 1994
Avg.

21.51-25.63 U 4.12 Exc.
9 MOT 35 14.37-15.07 DU 0.70 7 1988 Exc.

10 MOT 202 2-3.25 U 1.25 7 1991 Exc.

11 SUM 76 11.8-13.32
D

1.52 4 1992
Exc.

U Avg.

12 SUM 76 13.32-15.32
D

2.00 4 1993
Exc.

U Avg.
13 TUS 39 2.84-7.12 U 4.28 11 1990 Avg.
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3.  PAVEMENT RESPONSES

Figures 3-8 show a typical set of plots for project # 2 
(see Vega-Posada [12] for the complete evaluation) 
including normalized midslab deflection ( and ), 
spreadability, normalized maximum joint deflection, 
joint transfer, joint support ratio, and subgrade modulus 
of elasticity, respectively.  The modulus of elasticity 
of the subgrade was back-calculated from the FWD 
collected data.  

Figures 3 and 4 show a decrease in pavement stiffness, 
both concrete and subgrade layers, between SLM 0.3 
and 0.4 in the upstation direction.  Figures 5-7 show 
that the overall condition of the pavement joints is from 
good to excellent.

Figure 3.  Midslab deflection 

Figure 4.  Midslab spreadability

 
Figure 5.  Max. joint deflections

 

Figure 6. Joint load transfer 

Figure 7. Joint support ratio 

Figure 8 presents the back-calculated modulus of elasticity 
of the subgrade. RM ranged from 31 ksi (upstation) to 36 
ksi (downstation), which in geotechnical terms is considered 
as a competent layer. From figures 3, 4, and 8, it can be 
concluded that the stiffness deficiency between SLM 0.3 and 
0.4 in the upstation direction is related to a deterioration of 
the PCC slab and not to a reduction of the subgrade layer 
capacity. Although the spreadability is classified as good 
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in the upstation direction, there is a lack in the pavement 
ability to distribute the load across the section.  

The pavement performance in both directions is similar 
and therefore the conclusions are applicable for both 
cases. The average modulus of elasticity in the upstation 
and downstation directions is 31 ksi (214 MPa) and 36 
ksi (248 MPa), respectively. The determination of this 
parameter from actual field observations as presented 
in this research not only provides an indication of the 
pavement deterioration in comparison to the initial 
design modulus but also is a reliable parameter that 
can be used to estimate the pavement behavior and 
performance based on computer models.

Figure 8. Subgrade modulus

Table 2.  Max. values for deflections, spreadability, load transfer, and joint support ratio. Souce: Edward et al. [11]

Cond. Df1, mm/MN Df7, mm/MN SPR (%) D1A, mm/MN D1L, mm/MN LT (%) JSR

Exc. < 2.40 (0.42) < 1.20      
(0.21) > 80 < 3.54   

(0.62) < 3.71 (0.65) > 85 0.90-1.10

Good 2.45-3.25 
(0.43-0.57)

120-1.77  
(0.21-0.31) 72-79 3.60-4.45 

(0.63-0.78)
3.77-4.74 

(0.66-0.83) 70-85 1.11-1.25

Fair 3.31-4.17 
(0.58-0.73)

1.77-2.40 
(0.31-0.42) 64-71 4.51-5.48 

(0.79-0.96)
4.80-5.82 

(0.84-1.02) 50-69 1.26-1.49

Poor > 4.22 (0.74) > 2.40       
(0.42) <63 > 5.54    

(0.97) > 5.88 (1.03) < 50 > 1.50

Note: The values in parenthesis are in units mils/kip, as obtained directly from Eq. (3)

Table 3 presents the pavement built-up sequence and the 
back-calculated modulus of elasticity of each pavement 
layer. The following abbreviations are used for the 
material specification: a) JRC: Joint Reinforced Concrete 
Pavement; b) PCC: Portland Cement Concrete Pavement; 
c) “310”: Bituminous Aggregate Base; d) ATB: Asphalt 
Treated Base; e) DGAB: Dense Graded Aggregate Base; 
f) NSDB: Non-Stabilized Drainage Base. 

A complete definition of these material specifications 
can be found in ODOT [13]. A Dynatest Model 8000 
FWD was used to conduct the field testing program 
[14]. Tables 4-6 show the structural condition of these 
pavement sections based on FWD deflections and 
spreadability, maximum joint deflection, and joint 
load transfer and joint support ratio, respectively. In 
general, the structural condition of the studied sections 
are classified as excellent and good, except for project 
# 4 that showed a load transfer deficiency in both the 
approaching and leaving positions.

Table 3.  Back-calculated modulus of elasticity

No. Layer Modulus (MR in MPa), Thickn. (mm)

1
Layer JRC 310 Subgrade
MR-
Thk.

20,217-
229 945-152 148-N/A

2
Layer JRC 310 Subgrade
MR-
Thk.

26,151-
229 422-152 255-N/A

3
Layer JRC DGAB Subgrade
MR-
Thk.

26,220-
279

1,263-
152 274-N/A

4
Layer JRC 310 Subgrade
MR-
Thk.

18,975-
229 564-152 173-N/A

5
Layer JRC 310 Subgrade
MR-
Thk.

31,119-
254

5,147-
152 324-N/A
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No. Layer Modulus (MR in MPa), Thickn. (mm)

6
Layer JRC 310 Subgrade
MR-
Thk.

23,391-
229

1,097-
152 295-N/A

7
Layer JRC 310 Subgrade
MR-
Thk.

26,427-
229 642-152 272-N/A

8
Layer PCC NSDB DGAB
MR-
Thk.

24,357-
305

3,222-
102 1,035-76

9
Layer PCC 310 Subgrade
MR-
Thk.

26,358-
229

2,539-
152 414-N/A

No. Layer Modulus (MR in MPa), Thickn. (mm)

10
Layer PCC 310 Subgrade
MR-
Thk.

24,564-
229 547-254 164-N/A

11
Layer JRC ATB Subgrade
MR-
Thk.

38,502-
229

9,798-
152 242-N/A

12
Layer JRC ATB Subgrade
MR-
Thk.

24,219-
229

2,187-
152 515-N/A

13
Layer JRC 310 Subgrade
MR-
Thk.

28,635-
229 856-152 167-N/A

Table 4.  Pavement condition based on FWD deflections and spreadability

Proj. 
No. Dir

L FWD Defl. (%) Spreadability (%)
(km) Exc. Good Fair Poor Exc. Good Fair Poor

1 U 0.55 9 55 27 9 - 73 27 -
2 DU 0.77 57 28 36 61 7 11 - - - 21 61 72 33 7 6

3
D 0.71 95 5 - - 26 63 11 -
U 2.85 100 - - - 94 6 - -

4 U 7.25 3 55 35 7 7 46 40 7
5 DU 3.16 100 100 - - - - - - - 20 75 60 25 20 - -
6 D 0.5 82 18 - - - 36 64 -
7 U 2.09 84 8 8 - - 23 77 -

8
D 6.18 86 14 - - 14 79 7 -
U 6.63 93 7 - - 22 78 - -

9 DU 1.13 100 100 - - - - - - - - 69 56 31 44 - -
10 U 2.01 10 90 - - - 90 10 -

11
D 2.45 100 - - - 29 64 7 -
U 2.45 91 9 - - 18 82 - -

12
D 3.22 100 - - - - 69 31 -
U 3.22 100 - - - 23 65 12 -

13 U 6.89 10 74 16 - 7 79 14 -

Table 5.  Maximum joint deflection

Proj. No. Dir
L Condition - Approaching (%) Condition - Leaving (%)

(km) Exc. Good Fair Poor Exc. Good Fair Poor
1 U 0.55 27 46 27 - - 64 36 -
2 DU 0.77 100 44 - 50 - - -  6 100 72 - 22 - 6 - -

3
D 0.71 95 5 - - 95 - 5 -
U 2.85 81 19 - - 100 - - -

Continuation Table 3. 
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Proj. No. Dir
L Condition - Approaching (%) Condition - Leaving (%)

(km) Exc. Good Fair Poor Exc. Good Fair Poor
4 U 7.25 - 7 25 68 2 23 7 68
5 DU 3.16 19 90 31 10 50 - - - 25 85 31 15 31 - 13 -
6 D 0.50 100 - - - 100 - - -
7 U 2.09 92 8 - - 54 46 - -

8
D 6.18 50 25 25 - 71 29 - -
U 6.63 100 - - - - 100 - -

9 DU 1.13 100 89 - 11 - - - - 100 89 - 11 - - - -
10 U 2.01 80 20 - - 90 10 - -

11
D 2.45 100 - - - 100 - - -
U 2.45 100 - - - 100 - - -

12
D 3.22 100 - - - 100 - - -
U 3.22 100 - - - 100 - - -

13 U 6.89 32 38 14 16 41 27 14 19

Table 6.  Joint load transfer and joint support ratio
  Joint Load Transfer Joint Support Ratio

No. Dir.
L Condition - Approaching (%) Condition - Leaving (%) Condition - Approaching (%)

(km) Exc. Good Fair Poor Exc. Good Fair Poor Exc. Good Fair Poor
1 U 0.55 81 19 - - 91 9 - - 64 36 - -
2 DU 0.77 86 83 14 17 - - - - 86 94 14 6 - - - - 86 61 14 39 - - - -

3
D 0.71 63 32 - 5 79 16 - 5 84 16 - -
U 2.85 62 25 13 - 69 19 12 - 63 37 - -

4 U 7.25 5 2 19 74 10 2 17 71 56 44 - -
5 DU 3.16 94 100 6 - - - - - 81 75 13 25 6 - - - 63 70 37 30 - - - -
6 D 0.5 27 - 73 - 9 82 9 - - 64 27 9
7 U 2.09 100 - - - 31 69 - - 15 54 31 -

8
D 6.18 28 36 36 - 29 50 21 - 64 36 - -
U 6.63 100 - - - 100 - - - 100 - - -

9 DU 1.13 62 67 31 33 - - 7 - 54 56 31 44 15 - - - 77 100 23 - - - - -
10 U 2.01 100 - - - 100 - - - 100 100 - -

11
D 2.45 14 79 7 - 22 64 14 - 79 21 - -
U 2.45 54 46 - - 44 44 12 - 73 27 - -

12
D 3.22 50 50 - - 37 63 - - 93 7 - -
U 3.22 6 94 - - 24 71 5 - 71 29 - -

13 U 6.89 83 17 - - 61 39 - - 81 14 5 -

4. SUMMARY AND CONCLUSIONS

The methodology presented in this paper is a valuable 
technique that can be used to determine, with field 

measurements, the actual structural condition of PCC 
pavement sections.  Based on the structural condition 
classification, short or long term rehabilitation 
programs can be implemented to assure satisfactory 
service and serviceability of the PCC pavement.

Continuation Table 5. 
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The long term performance of seventeen Portland 
cement concrete sections located in the State of Ohio, 
USA, was studied. The performance of PCC pavement 
was influenced by the climate conditions, material 
properties, construction practices, and traffic loads.

The total length of the PCC pavement sections studied 
was 36 mi (58 km). The overall structural condition 
of the analyzed sections was as follows: a) Excellent 
67.6% (39 km); b) Good 24.2% (14 km); c) Fair 7.2% 
(4 km); and d) Poor 1.0% (0.6 km). On the other hand, 
the overall condition of the pavement stiffness was: a) 
Excellent 15.8% (10 km); b) Good 63.9% (36 km); c) 
Fair 19.3% (11 km); and d) Poor 1.0% (1 km).

The overall performance of the pavement system was 
influenced by the stiffness of the base layer and the 
thickness of the surface layer. The performance of PCC 
pavement sections improved as the base stiffness and/
or thickness of the surface layer increased. In general, 
the structural pavement condition of the PCC sections 
was classified as excellent and good, except for Project 
4 in which the load transfer mechanism between the 
slabs negatively impacted the overall capacity of the 
rigid pavement. 
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ABSTRACT: One of the most common road pavement pathologies is caused by water action. The presence of moisture causes a reduction 
in aggregate-binder adhesion in the mix as well as in the internal cohesion of the bitumen. This leads to problems such as pot holes, 
aggregate peeling, stripping, etc., which eventually lead to the structural failure of the pavement. Currently, there are numerous laboratory 
tests that analyze the susceptibility of bituminous mixes to moisture, providing a qualitative or quantitative evaluation.
This study analyzes the performance of bituminous mixes in different experimental conditions. For this purpose, a comparative study of 
two laboratory tests was carried out. The tests differed in mix compaction method, the conditioning of the test specimens, and the type of 
load applied. The results obtained showed that in these tests the conditioning temperature had a greater impact on mix performance than 
the temporal duration of the conditioning process. Furthermore, the application of tensile stress was found to be more suitable for studying 
moisture susceptibility since mixes were found to be more sensitive to this type of load.

Key Words: Hot bituminous mixes, road, mix design, moisture susceptibility.

RESUMEN: Unas de las patologías más comunes en los firmes flexibles de carretera de todo el mundo son las provocadas por la acción 
del agua. La presencia de éste elemento provoca una disminución en la adhesividad entre los áridos y el ligante de la mezcla, así como de la 
cohesión interna del betún, que se traducen en problemas de desprendimiento de áridos, baches, peladuras, etc., que terminan provocando 
el fallo estructural del firme. Actualmente existen numerosos ensayos de laboratorio que permiten analizar la susceptibilidad al agua de 
las mezclas bituminosas, proporcionando una medida cualitativa o cuantitativa. Así, desde esta investigación se ha pretendido analizar el 
comportamiento de las mezclas bituminosas ante diferentes condiciones de ensayo. Para ello se ha llevado un estudio comparativo entre dos 
de estos ensayos, los cuales difieren en la forma de compactación de la mezcla, el proceso de acondicionamiento de las probetas y el tipo 
de carga aplicado. Los resultados obtenidos pusieron de manifiesto que, para los ensayos estudiados, la temperatura de acondicionamiento 
ejerce mayor influencia en el comportamiento de la mezcla que el tiempo de acondicionamiento. Además, la aplicación de cargas de tracción 
resultan más adecuadas para el estudio de la susceptibilidad al agua de las mezclas bituminosas ya que las mezclas son más sensibles a éstas.

Palabras Clave: Mezcla bituminosa en caliente, carretera, diseño de mezcla, susceptibilidad al agua.

1.  INTRODUCTION

Bituminous mixes are some of the most frequently 
used materials in road construction all over the world 
[1]. This material is a conglomerate with a mineral 
skeleton composed of a coarse fraction with a diameter 

of more than 2 mm, a fine fraction with a diameter of 
0.063 - 2 mm, and a mineral powder fraction with a 
diameter of less than 0.063 mm. It is also composed 
of a hydrocarbon binder that gives cohesion to the 
mineral skeleton (bitumen or one of its byproducts 
from the distillation of crude oil), and  sometimes, a 
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series of additives (fibers, waxes, etc.) that improve 
the characteristics and mechanical performance of the 
mixes (greater resistance to plastic deformation, lower 
susceptibility to fatigue cracking, rutting, raveling, 
etc.) [2].

In order for the mix to be used in the road surface 
course, it must pass a series of laboratory tests that 
certify its suitability and good performance under 
various types of load or stresses to which it will be 
subjected during its service life (traffic loads, extreme 
temperatures, water action, etc.) [3]. Of these stresses, 
those produced by water action are among the main 
causes of the pavement deterioration (loss of aggregate, 
peeling, pot holes, etc.). The presence of moisture 
in the mix reduces aggregate-binder adhesion (i.e. 
destruction of the chemical bonds between the binder 
and the aggregate) [4-10], as well as its cohesion 
(the emulsification of the binder due to water action 
separates its particles) [11-14]. This leads to a loss of 
aggregate, which in the medium and long term, and 
combined with other negative factors (traffic loads, 
ice formation, binder ageing, etc.) finally cause most 
road pathologies and the eventual failure of the road 
surface course [15-17].

As seen in Lu and Harvey [18], one of the key ways to 
mitigate the effect of water action on mixes is the design 
and application of laboratory tests capable of predicting 
the potential moisture damage during the service life 
of the pavement. This makes it possible for the mix to 
have an optimal design. Methods to predict the effect of 
moisture action on the bituminous mixes were initially 
developed in the 1930s, and there are now a wide range 
of such tests available [19-27]. A description of these 
methods can be found in Solaimanian et al. [28].

The objective of such methods is to reproduce mix 
performance in laboratory conditions when it is affected 
by water. They vary in reliability, depending on the 
characteristics of the test, the mix type, as well as the 
environmental conditions of the use case (cold or hot 
temperatures, dry or rainy weather, etc.). Most of these 
tests are performed with fixed temperatures and loads. 
This means that it is impossible to simulate the effect of 
moisture on the pavement when it is subjected to varying 
traffic loads and weather conditions [22]. Nevertheless, 
these experiments are often very complicated and time-
consuming to perform. Moreover, they are somewhat 

limited in scope when they try to reproduce the way that 
moisture attacks mixes. It is thus necessary to analyze 
and compare the effect of these laboratory tests on the 
mix in order to evaluate its response. Only in this way 
will it be possible to predict the performance of a mix 
when it is actually used in road construction.

In the laboratory, methods for testing moisture 
susceptibility differ in the mix compaction method, the 
type of conditioning, and the application of the load. 
Although there are many tests used for this purpose 
(e.g. Immersion-Compression, Hamburg Wheel 
Tracking, Moisture Vapor Susceptibility, Marshall 
Immersion, etc.), some are more effective than others. 
Today there is a division of opinion regarding which 
test is the most suitable for studying the susceptibility 
of bituminous mixes to moisture action. Consequently, 
in this study a comparative analysis was made of two 
of these methods, and the performance of the mix was 
analyzed in terms of characteristics, such as type of test 
specimen, compaction method, conditioning process, 
and load application. In this way it was possible to 
arrive at conclusions concerning the representativity 
of the results of each test.

The laboratory tests selected were two that are commonly 
used in Spain: a) the Immersion-Compression Test 
(regulated by the Spanish Technical Standard NLT-
162); b) the Water Sensitivity Test (regulated by the 
European standard UNE-EN 12697-12 and implanted 
as a new reference test to analyze the susceptibility of 
bituminous mixes to moisture in all European Union 
countries). Both tests differ in so far as the type of test 
specimen used (dimensions and compaction methods), 
conditioning process, and applied load. However the 
result of both tests is a retained strength value, which 
makes it possible to compare them.

This article analyzes the results obtained after 
performing the Immersion-Compression Test and the 
Water Sensitivity Test on samples of the same mix 
type with an identical mineral skeleton and the same 
percentage of bitumen. The number of samples studied 
had to be sufficient to statistically validate the results 
obtained and thus extract representative conclusions. 
A total of 33 samples were used, and the central limit 
theorem was applied. The results of both laboratory 
tests were statistically analyzed, as well as the mix 
response in each. 
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2.  METHODOLOGY

2.1. Materials

The semi-dense mix used in the study was regarded 
as representative, a generic asphalt concrete that is 
commonly found in all type of road surfaces (regardless 
of climate or traffic loads) throughout Europe. It had a 
continuous grain size with a strong mineral skeleton, 
and its bitumen content was 4-5% of the total mass. This 
made it resistant to plastic deformations and water action. 
More specifically, the mix used was an AC 16-S mix for 
the surface course [29], manufactured from ophite and 
limestone aggregate and penetration bitumen 40/60.

The samples were made in different batches though 
the characteristics of the mix did not vary. The mineral 
skeleton of each batch was within the grain-size 
limits specified in the Spanish regulations [29], which 
establishes a reference particle size for this type of mix. 
Nevertheless, in our samples, the mineral skeleton was 
slightly modified to obtain different air void contents so as 
to better study the effect of the water volume on the mix.

The aggregate used in the mix was ophite for the coarse 
fraction and limestone for the fine fraction as well as 
mineral dust. The characteristics of this aggregate are in 
accord with the PG-3 General Technical Specifications 
for Roads and Bridge Works in Spain[29].

The filler fraction chosen for the mix was limestone, 
given its good response to water action. This is due to 
the fact that the adhesion of limestone with the binder 
is greater since its alkaline surface reacts better to the 
acid composition of the bitumen [30]. The limestone 
had an apparent density in toluene of 0.67 g/cm3 in 
accordance with the NLT-176.

The manufacturing temperature of the mix was 160-165ºC, 
whereas the compaction temperature of the test specimens 
was 150-155ºC. The optimal bitumen content used to make 
the specimens was 4.5% of the total weight of the mix 
(based on the Marshall Test results of the job mix formula).

2.2.  Experimental design

The experimental design was based on the comparison 
of the Immersion-Compression Test (NLT-162) and the 
Water Sensitivity Test (UNE-EN 12697-12).

Both tests offer a similar result (retained strength). 
Nevertheless, test conditions (compaction method, 
specimen conditioning, and load applied) are not the 
same, so they can be used to analyze and compare the 
performance of the mix to water action

In this study 33 samples of the same mix type (AC 
16 – S) were tested. The specimens had identical 
characteristics but belonged to different batches. They 
were all subjected to the Immersion-Compression Test 
and the Water Sensitivity Test. The number of samples 
was based on the central limit theorem. According 
to this theorem, when the number of samples of a 
population is sufficiently large (i.e. more than 30 [31-
33]) it is assumed to have a normal distribution. It is 
thus possible to derive scientifically valid conclusions 
from the results obtained. The mix response in the two 
tests was statistically analyzed, and it was possible to 
observe the representativity of each regarding the mix’s 
susceptibility to moisture action.

The Immersion-Compression Test involves the 
manufacturing of 10 test cylinders with a diameter of 
101.6 mm and a height of 101.6 mm. These cylinders 
are compacted by means of a static load produced 
by a double plunger. There is an initial pre-load of 
1 MPa (in order to settle the mix) after which the 
load applied steadily increases for 2.5 minutes until 
reaching 21 MPa. Then the density of the samples is 
determined by the saturated surface dry  method. As 
part of the conditioning process before the test, the 
specimens are divided into two sets of five. One set 
is submerged in a container with water at 60°C for 24 
hours, whereas the other set is left at room temperature. 
After 24 hours, both sets of specimens are subjected to 
a simple compression load at a constant deformation 
velocity of 5.08 mm/min until they break. In this way 
it is possible to obtain a mean retained strength value 
for each set. The result of this test, which measures the 
specimens’ sensitivity to water action, this is known as 
the retained strength index. This index (expressed in 
%) is calculated by dividing the strength obtained by 
the group immersed in water at 60°C by the strength 
obtained by the dry set.

The Water Sensitivity Test involves manufacturing 
6 specimens with a diameter of 101.6 mm and a 
height of 60 mm. The specimens are compacted with 
an impact compactor by applying 50 blows on each 
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face. Then the density of the samples is determined 
by the saturated dry surface method. As part of the 
conditioning process, the specimens are divided into 
two sets: a wet set and a dry set. The dry set is stored at 
room temperature in the laboratory (20±5 °C), whereas 
a vacuum is applied to the wet set for 30±5 minutes 
until a pressure of 6.7±0.3 KPa is reached. Then, the 
specimens in this set are left in immersion conditions 
of 40°C for 72 hours. Afterwards, the indirect tensile 
fracture of each specimen (of the dry set as well as 
the wet set) is performed at a temperature of 15°C 
after the specimens have previously been acclimated 
to this temperature for 120 minutes. The division of 
the tensile strength obtained by wet specimens, by the 
tensile strength obtained by dry specimens, results in 
the retained indirect tensile strength (expressed in %).

In this study, the relation between the variables in 
each test and the mix response was obtained by using 
a simple linear regression.

Once the straight regression line is fit to the cloud 
of data points, it is crucial to have a measurement 
of the goodness of fit, which shows whether the fit 
is sufficient. The determination coefficient was used 
for this purpose. When a simple linear regression is 
performed, this coefficient coincides with the square 
of the linear correlation coefficient. The determination 
coefficient is interpreted as the percentage variation of 
the dependent explained by the model. It is denoted by 
R2, and since 0 < R2< 1, this measurement is usually 
expressed as a percentage. In this type of study, the 
tests were very heterogeneous, and this meant that the 
results of the tests were, as well. Consequently, the 
determination coefficients of the linear fit lines were 
not very high.

Apart from the simple linear regressions, and given 
that both tests had different characteristics, the retained 
strength values were studied according to a normal 
distribution in order to reinforce the comparative 
analysis.

3.  ANALYSIS OF RESULTS

The study described in this paper was the result of 
twelve months of laboratory work and shows the 
results obtained for the 33 samples in the Immersion-

Compression Test and the Water Sensitivity Test in 
relation to the mean values of the wet and dry sets 
of samples for fracture strength, density, and air void 
content of the test specimens.

Coefficient of variation (CV) is calculated for the 
Immersion-Compression Test and the Water Sensitivity 
Test for fracture strength, density, and air void content 
for both wet and dry sets obtaining in all cases similar 
deviations (see tables 1 and 2). Similar results in 
retained strength values (%) were obtained in both tests 
as is resumed in table 3.

Table 1.CV Immersion-Compression test.

Table 2. CV Water Sensitivity test.

Table 3.CV Retained strength in the tests.

Since the samples in the study were manufactured with 
the same materials (aggregate and bitumen), there is 
a close relation between the air void content and the 
density of the specimens in both tests (despite the fact 
that they differ in compaction method). Accordingly, 
the samples with a lower density have a greater content 
of air voids in the mix.

As can be observed in the results, in the Immersion-
Compression Test, the air void content and the density 
of the specimens do not have a significant effect on the 
simple compressive strength (Figure 1). Therefore, 
a dispersed cloud of data points, and the extremely 
low determination coefficients of the regression lines, 
reflect the independence of both characteristics in the 
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mix response to compression forces. This is due to 
the fact that in bituminous mixes, compression forces 
are endured mainly by the internal friction of the 
mineral skeleton. Consequently, the strength of the 

specimen mainly comes from the aggregate’s capacity 
to withstand the transmitted load, and is independent 
of the moisture content.

Figure 1.Simple compression strength based on the density and air void content of the mix:  
dry set (left) and wet set (right)

In contrast, in the Water Sensitivity test, there is a closer 
relation between the air void content and density of 
the specimen and its indirect tensile strength. This is 
reflected by a higher determination coefficient in the 
linear regression lines (see Figure 2). This tendency 
implies that when a specimen has a lower density or 
a higher air void content, its strength is reduced. In 
this case, the application of the load varied, and the 
specimen was subjected to tensile stresses such that 
the internal cohesion of the mix (the sum of binder 

cohesion and the aggregate-binder adhesion) was the 
basis of the specimen’s fracture strength. This strength 
decreased as the air void content of the specimen 
increased. This was because the quantity of air voids 
(spaces without aggregate or bitumen) on the plane 
where the break occurred meant that there was less 
surface to withstand the strain. The test specimen was 
thus weaker. 
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Figure 2.Indirect tensile strength based on the density and air void content of the mix:  
dry set (left) and wet set (right)

Moreover, it should be noted that the indirect tensile 
strength of the specimens (in the Water Sensitivity Test) 
was less than the simple compression strength (in the 
Immersion-Compression test). This response is logical 
since concrete-type stone materials, such as bituminous 
mixes, perform much better under compression loads 
than under tensile stresses. This is due to the fact that 
the mineral skeleton makes up about 90% of the weight 
of the bituminous mix, whereas the binder, which is 
the source of tensile strength, is only about 5% of the 
weight of the mix.

Furthermore, the retained strength values (%) obtained 
in both tests are shown in Figure 3.

Figure 3.Retained strength of the samples  
studied in the tests.

As can be observed, the retained strength in the Water 
Sensitivity Test was greater than in the Immersion-
Compression Test. In fact, it was 5% higher, based on 
the mean value of the 33 samples. When the retained 
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strength values obtained in each test were compared by 
using a normal distribution (based on the central limit 
theorem), this difference in the values can be observed 
clearly (Figure 4). Thus, in the Water Sensitivity Test, 
this effect was less than in the Immersion-Compression 
test. The analysis also showed that the Gaussian bell 
curve in the Water Sensitivity Test is sharper, which 
means that the results are more clustered. The samples 
thus have a lower variability, which signifies that the 
test is more reproducible (and thus its results are more 
representative).

Figure 4.Normal distributions of the Immersion-
Compression test and the Water Sensitivity test.

According to these results, the simple compression 
strength of the bituminous mix was potentially more 
affected by moisture action than its indirect tensile 
strength was. However, the simple compression strength 
mainly depends on the internal friction of the aggregate, 
and the indirect tensile strength on the internal cohesion 
of the mix, which is the sum of binder cohesion and 
aggregate-binder adhesion. Both factors are significantly 
more sensitive to moisture action than the internal 
friction of the aggregate (i.e. the presence of water can 
break the chemical bonds in the bitumen as well as 
reduce its adhesion to the aggregate) [3-13]. As a result, 
the retained strength of the Water Sensitivity Test should 
be lower. This means that the conditioning undergone by 
the wet set of specimens in the Immersion-Compression 
Test (24 hours at 60 °C) was more aggressive than that 
undergone by the wet set in the Water Sensitivity Test 
(72 hours at 40 °C). The temperature of the conditioning 
had a greater influence on mix performance than the 
temporal duration of the conditioning.

The compaction method was the other variable in 
which the tests differed, apart from the conditioning 

of the specimens and the type of fracture. However, 
it did not seem to have a significant influence on the 
results obtained. In this respect, the densities of the 
33 samples in both studies were very similar, though 
they were slightly higher in the case of the Immersion-
Compression Test (Figure 5).

Figure 5.Mean density of the sample specimens studied in 
each test.

Finally, in the analysis of the influence of the air void 
content and the density, on the retained strength, it was 
observed that both tests showed the same tendency. The 
greater the density (i.e. lower air void content) of the 
specimens, the greater was the retained strength of the 
samples (Figure 6). In other words when the air void 
content of the mix increased, the volume of water that 
penetrated it was greater. This significantly affected 
mix performance since it reduced simple compression 
strength as well as indirect tensile strength.

In the Immersion-Compression Test, the relation 
between the air void content and the retained strength 
of the mix was greater than that between the air void 
content and the simple compression strength (larger 
determination coefficient). The higher percentage 
of air voids caused the mix not to respond as well 
to water action. However, the simple compression 
strength remained similar to that of a mix with a lower 
percentage of air voids.

In the Water Sensitivity Test, the relation between 
the air void content and the indirect tensile strength 
of the mix was greater than that between the air void 
content and the retained strength (larger determination 
coefficient). This shows that an increase in the air 
void content of the mixes had a greater impact on 
its capacity to resist indirect tensile stresses than on 
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its susceptibility to water action. Despite this, the 
percentage of air voids affected the retained strength of 
the mix in the Water Sensitivity Test more than in the 

Immersion-Compression Test. Consequently, it seems 
that it could be more sensitive to moisture action.

Figure 6.Retained strength based on the air void content and the density of the mix. Immersion-Compression Test (upper 
graph) and Water Sensitivity Test (lower graphs)

4.  CONCLUSIONS

This paper shows the results obtained in a research 
study that analyzed the moisture susceptibility of hot 
bituminous mixes based on two different test methods. 
For this purpose, a comparative study of two laboratory 
tests was performed, which evaluated the effect of 
water action on the mechanical performance of the mix. 
The tests selected for this study were the Immersion-
Compression Test and the Water Sensitivity Test. 
Although these tests differ in the size and compaction 
method of the test specimens (static load/compaction 

by blows), their wet conditioning (24 hours at 60ºC/72 
hours at 40ºC), and the type of load applied (simple 
compression/indirect tensile stress).Both evaluated the 
same parameter, the retained strength value of the wet 
set and dry set of specimens. Thus, in order to guarantee 
the reliability of this analysis, we used the central limit 
theorem (which defines whether the sample population 
is sufficiently large to assume the normality of the 
results). Accordingly, the test was carried out on a 
total of 33 specimens made from bituminous mixes of 
identical characteristics. The type of mix selected was 
a standard semi-dense mix that is widely used in many 
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European countries. Based on the results obtained in 
our research, the following conclusions were derived:

•	 For the type of mix analyzed, the simple compression 
strength of the bituminous mixes was not affected 
by the density and air void content, but rather by the 
strength of the mineral skeleton and internal friction. 
Thus, the fact that the mix has voids where water 
could be stored was not a determining factor that 
affected its compression strength. Consequently, the 
type of load used in the Immersion-Compression 
Test was not suitable to measure the susceptibility 
of a bituminous mix to water since the presence of 
air voids did not affect its response.

•	 The indirect tensile strength was found to be directly 
related to the density and air void content of the mix. 
This means that the lower the density of the mix (or 
the greater its air void content), and the lower its 
indirect tensile strength. When the density of the mix 
became lower, this reduced the cohesion of the mix. 
The cohesion is what withstands the tensile stresses 
on the mix. Moreover, since the mix is a stone-like 
material, its strength against this type of load is not 
as great as its strength against simple compression 
loads. As a result, the mechanical performance of 
the mix is much more sensitive to this type of stress. 
Thus, indirect tensile stress is better for evaluating 
the possible moisture damage to the mixes.

•	 Even though the tests used different compaction 
methods for the specimens, this did not influence 
the characteristics of the mix since the samples in 
both tests produced similar results regarding their 
density and air voids.

•	 The type of conditioning given to specimens in the 
Immersion-Compression Test significantly affected 
their performance since the retained strength values 
obtained in this test were lower than those obtained 
in the Water Sensitivity Test. This seems to indicate 
that conditioning at high temperatures is more 
aggressive than conditioning for a longer duration. 
It was thus found that the effect of the temperature 
on the mix was greater than that of the duration of 
the conditioning process.

•	 The normal distribution obtained from the retained 
strength results of the Water Sensitivity Test had a 

sharper peak than that obtained from the Immersion-
Compression Test. This indicated that the results had 
a lower dispersion, and thus, the reproducibility of 
the test was greater (which points to the fact that 
the results are more reliable).

•	 Both tests showed that when the mix had a greater 
air void content (and thus was less dense), its 
retained strength was also lower.

•	 The Immersion-Compression Test showed that 
these characteristics of mix did not affect its simple 
compression strength, but did have an impact on 
its retained strength. This was due to the fact that 
the increased air void content in the mix caused a 
larger volume of water to enter. This affected the 
mechanical performance of the mix and reduced 
its strength.

•	 The results of the Water Sensitivity Test showed 
that the air void content had a greater effect on the 
indirect tensile strength of the mixture than on its 
retained strength. Despite this, the retained strength 
was more closely related to the air void content than 
the retained strength of the Immersion-Compression 
Test. This was because the tensile stresses in 
bituminous mixes are withstood by their cohesion, 
which is the sum of the binder cohesion and of 
aggregate‑binder adhesion. Both factors are directly 
affected by the presence of moisture (which breaks 
the chemical bonds in the bitumen, thus reducing its 
cohesion as well as its adhesion with the aggregate). 
For this reason, a larger number of air voids in the 
mix permits the presence of moisture that reduces 
the strength of the mix.

•	 The results obtained in this study point to the fact 
that the Water Sensitivity Test is more suitable for 
analyzing the susceptibility of bituminous mixes 
to water than the Immersion-Compression test. 
For this reason, the results obtained with the Water 
Sensitivity Test were more representative of the 
performance of the mix during its service life.

As a continuation of this research, it would be 
interesting to make a more in-depth study of the design 
of more effective laboratory tests for determining the 
susceptibility of bituminous mixes to moisture. For 
this purpose, it would be useful to perform further 
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comparative analyses with other laboratory tests and 
other types of bituminous mixes.
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ABSTRACT: The available analytical models for calculating knee patellofemoral forces are limited to the standard squat motion when the 
center of gravity is fixed horizontally. In this paper, an analytical model is presented to calculate accurately patellofemoral forces by taking 
into account the change in position of the trunk’s center of gravity under deep squat (non-standard squatting). The accuracy of the derived 
model is validated through comparisons with results of the inverse dynamics technique.

Keywords: Patellofemoral forces, analytical model, modified squat, knee.

RESUMEN: Los modelos analíticos disponibles para calcular las fuerzas patelofemorales de la rodilla están limitados al movimiento 
estándar de cuclillas cuando el centro de gravedad es fijo horizontalmente.  En este artículo se presenta un modelo para calcular con 
exactitud las fuerzas patelofemorales, teniendo en cuenta el cambio de posición del centro de gravedad del tronco durante una sentadilla 
profunda (posición de sentadilla modificada).  Se valida la exactitud del modelo desarrollado mediante comparaciones con resultados de la 
técnica de dinámica inversa.

Palabras Clave: Fuerzas patelofemorales, modelo analítico, sentadilla modificada, rodilla.

1.  INTRODUCTION

The widespread occurrence of various types of 
arthritis results in significant loss of manpower and 
immeasurable pain and suffering to many patients. 
Due to the limited understanding of the knee joint 
movement, clinicians have generally opted for a 
surgical solution that involves prosthetic replacement 
arthroplasty.

Analytical models related to the kinetics of the 
patellofemoral joint are still in short supply. Among the 
earliest models, Crowninshield et al. [1] and Andriacchi 

et al. [2] created quasi-static, analytical studies in 
order to determine the overall stiffness of the joint as a 
function of flexion angle. However, no investigation of 
the patellofemoral forces was actually carried out. The 
ratio between patellofemoral forces such as Fpf/Fq and 
Fpt/Fq (ratio of the patellofemoral compression force 
to quadriceps force and the patellar ligament force to 
quadriceps force, respectively) has been determined 
both by experimental methods [3] and with the help 
of various mathematical models [4, 5]. However, only 
the standard squat movement was investigated, where 
the forward movement of the trunk is not considered.
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This work is part of a research that has been carried 
out at Szent István University and Ghent University, 
where analytical and experimental studies on the 
knee is being performed. It presents equations for the 
patellofemoral forces in the knee under non-standard 
squat, in which the centre of gravity moves both 
vertically and horizontally, thus the trunk movement 
during squatting is also considered.

2.  EQUATIONS FOR PATELLOFEMORAL 
FORCES

The assumptions considered in deriving the equations 
of patellofemoral forces under standard squat are 
summarized as follows [6]: a) the model is quasi-static, 
b) it is two-dimensional, i.e., in the sagittal plane, c) 
contact forces are neglected, d) the femur and tibia are 
connected through a hinge with one degree of freedom, 
and e) the load is derived from the total weight of the 
person.

In this work, the movement of the trunk (i.e., the 
horizontal movement of the centre of gravity) is taken 
into account; therefore, the body weight vector (BW) 
can move vertically and horizontally. The movement of 
the centre of gravity is a known phenomenon; however, 
how much this movement alters the forces in the knee 
joint has not been investigated.

Furthermore, the movement of the femur and tibia are 
independent of each other (neither of them are fixed 
but can freely rotate during the squat). In this paper, the 
derived equations describe the forces connected to the 
femur, tibia, and patella under the non-standard squat 
as shown in Figure 1.

The arbitrary knee position, in Figure 1, is located at 
angle α. The BW force is derived from the body weight. 
The patella and the tibia are assumed to rotate about 
point B. The line of action BW intersects the theoretical 
line of the femur and tibia at points D and E. Rigid 
linkages represent the femur (3), the patella (2) and 
the tibia with foot (1). 

The tibia is connected to the foot by a hinge of one 
degree of freedom (point N). The line of action of 
the centre of gravity intersects the femur at point D 
and the foot at point A. These points are not fixed, 
since the centre of gravity moves horizontally during 

a deep squat. At point D, a roller is assumed, which 
can move along the axis of the femur, while another 
roller is applied at point A, which can move along the 
axis of the foot. The rigid bodies are attached to each 
other by strings of negligible elastic elongation. The 
free-body diagrams of the three elements are shown in 
Figures 2,3 and 4. 

 
Figure 1. Analytical squat model

The model includes several constants and variables: the 
notations of the geometric lengths are listed in Table 1.
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Table 1. Constants and variables of the model
DESCRIPTION NOTATION

Length of tibia l10

Length of femur l30

Length of patellar tendon lp

Moment arm between the axis of tibia 
and the tibial tuberosity lt

Moment arm between the axis of femur and 
the line of action of the quadriceps force lf
Angle between the axis of femur and 
the quadriceps force ψ

Intersected length of the axis of tibia and 
the instantaneous line of action of the BW l1

Intersected length of the axis of femur and 
the instantaneous line of action of BW l3

Angle between the axis of tibia and the 
patellar tendon β

Angle between the axis of tibia and the 
line of action of BW γ

Angle between the axis of femur and 
the line of action of BW δ

Angle between the axis of tibia and the 
tibiofemoral force φ

The moment equation applied about the z-axis through 
point B on the tibia (Figure 2) is:

Figure 2. Free-body diagram of the tibia

M l F
l F l BW

B z p pt

t pt

1

1

0∑ = = − ⋅ ⋅

− ⋅ ⋅ + ⋅ ⋅

sin ( )

cos ( ) ( ) sin ( )

β α

β α α γ α 	 (1)

From Eq. (1), the patellar tendon force (Fpt) can be 
derived as:

F BW l
l lpt
p t

( )
( ) sin ( )

sin ( ) cos ( )
α

α γ α
β α β α

= ⋅
⋅

⋅ + ⋅
1 	 (2)

In order to simplify the results, dimensionless 
parameters are introduced (Table 2). 

Table 2. Dimensionless parameters of the model
DESCRIPTION FORMULA

Dimensionless, intersected 
tibia length function λ α α1 1 10( ) /= ( )l l
Dimensionless, intersected 
femur length function λ α α3 3 30( ) /= ( )l l
Dimensionless length of 
patellar tendon λp pl l= / 10
Dimensionless thickness of 
shin λt tl l= / 10
Dimensionless thickness of 
thigh λ f fl l= / 30

By the introduction of these quantities, the normalized 
force in the patellar tendon is:

F
BW
pt

p t

( ) ( ) sin ( )

sin ( ) cos ( )

α λ α γ α
λ β α λ β α

=
⋅

⋅ + ⋅
1 	 (3)

The scalar equilibrium equations related to the  
ξ - η coordinate system (fixed to the tibia) are in the 
following form (Figure 2):

F F
F BW

i tf

pt

η φ α

β α γ α
∑ = = − ⋅

+ ⋅ + ⋅

0 cos ( )

cos ( ) cos ( )
		  (4)

F F
F BW

i tf

pt

ξ φ α

β α γ α
∑ = = ⋅

− ⋅ + ⋅

0 sin ( )

sin ( ) sin ( )
		  (5)

Where Ftf is the tibiofemoral compression force and 
j (a) is the angle between the axis of the tibia and 
the tibiofemoral force vector. By substituting Eq. 
(3) into Eqs. (4) and (5), Fpt is eliminated. After this, 
Eq. (4) is set to Ftf, and then it is substituted into Eq. 
(5). The substitution is followed by some additional 
simplifications, and finally the angle j (a) can be 
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derived as:
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By the use of j (a), the tibiofemoral force can be 
derived from Eq. (4) or Eq. (5) as:

F
BW

F
BW

tf pt( ) cos ( )

cos ( )

cos ( )

cos ( )

α β α
φ α

γ α
φ α

= ⋅ + 		  (7)

After deriving the Fpt and Ftf forces, Figure 3 is 
considered.

Applying the moment equilibrium equation about the 
z axis through point B on the femur (Figure 3) gives:

M l F
l F l BW

B z f q

q

3

30 3

0∑ = = ⋅ ⋅ +

⋅ ⋅ − ⋅ ⋅

cos ( )

sin ( ) ( ) sin ( )

ψ α

ψ α α δ α 	 (8)

Taking into account that d = a – g, and assuming y 
» 0, from Eq. (8), the quadriceps force in the tendon 
becomes:
F
BW
q

f

( ) ( ) sin ( )α λ α α γ α
λ

=
⋅ −( )3 		  (9)

Figure 3. Free-body diagram of the femur

The scalar equilibrium equations related to the patella 
in the x - y coordinate system (Figure 4) are:

F F

F F
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Figure 4. Free-body diagram of the patellofemoral joint

Where Fpfx and Fpfy are the components of the 
patellofemoral compression force in the x and y 
directions, respectively.

From Eq. (9) and Eq. (10), the magnitude of the 
patellofemoral compression force is:

F
BW

F F

BW

F F F F

pf pf pf

q pt q pt

x y( )

( ) ( ) ( ) ( ) co

α

α α α α

=
+

=

( ) + ( ) − ⋅ ⋅
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2 ss( )Ω

BW
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Where .

)()()( αγαδαβ ++=Ω

For a given BW force and angle α , Eqs. (3), (7), 
(9), and (12) can be used to determine Fpt (a),  
Ftf  (a), Fq (a), and Fpf (a), respectively. 
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The parameters appearing in the above mentioned 
equations have been experimentally determined [7, 8] 
and summarized in Table 3.

Table 3. Dimensionless parameters of the model 

C1 C2 SD r2

λ1(α) [-] 0.492 0.0024 0.15 0.65

λ3(α) [-] 0.86 -0.0022 0.22 0.63

β(α) [°] 26.56 -0.3861 14 0.95

γ/α (α) [-] 0.567 -0.0026 0.081 0.735

λt [-] 0.11 0 0.018 -

λp [-] 0.1475 0 0.043 -

λf [-] 0.164 0 0.028 -

3.  RESULTS AND DISCUSSION

As it has been proven by other authors [5, 6], the 
patellofemoral forces directly depend on the net knee 
moment; this is a moment about the instantaneous 
centre of rotation of the knee joint generated by the 
body weight, in the case of the standard (or non-
standard) squat. 

Therefore, it is interesting to see how this moment 
depends on the position of the centre of gravity. By 
the use of inverse dynamics approach [9, 11, 14] all 
the movements of the human body can be taken into 
consideration, thus the effect of the centre of gravity 
may also be considered. By knowing (measuring) the 
kinematics of a person during non-standard squat, the 
measured forces will involve the effect of the moving 
centre of gravity as well. For this reason, the results 
are best compared to the results of inverse dynamics 
method. 

In Figure 5, the quadriceps tendon force of the non-
standard squat model corresponds well with the 
inverse dynamics result of Sharma et al. [9] found in 
the literature.

Figure 5. Quadriceps force

The peak force of the non-standard squat model is 
estimated to be 3.63 BW at 120˚, while the standard 
squat model predicts a peak magnitude of 7.2 BW and 
peak location between 90˚ and 100˚ of flexion angle.

In practice, human subjects lean forward during 
squatting, which, apart from helping them to keep 
their balance, also reduces the patellofemoral forces. 
This is the reason why every experimental, analytical, 
or numerical model, which does not incorporate the 
moving of the centre of gravity tends to overestimate 
the net knee moment, and results in higher forces in 
the quadriceps (and in the other muscles or tendons). 

All the same, this parameter has only been investigated 
by Kulas et al. [10], therefore,  up to now there has been 
a very limited amount of information about how the 
horizontal movement of the centre of gravity influences 
the patellofemoral forces.

In Figure 6, the patellar tendon force is plotted. 
The correlation between the standard [6] and non-
standard models regarding this force is strong. Their 
characteristics, magnitudes, and peak locations are in 
good agreement with each other. According to these 
corresponding results, the estimated peak force is 
6.8 BW and the peak location is at 120˚ of flexion 
angle. It has to be mentioned that this is the only force 
whereupon the movement of the centre of gravity had 
a relatively small effect.
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Figure 6. Patellar tendon force

In Figure 7, the patellofemoral compression force is 
plotted. By considering the plotted results, the non-
standard squat model correlates with the results of 
Escamilla et al. [11] and Churchill et al. [12]. The 
estimated peak angle of the non-standard squat model, 
in this case, is located around 110˚ of flexion angle and 
the peak force is approximately 3.6 BW. However, it 
should be noted that the result of Escamilla et al. [11] 
was carried out only up to a 90˚ flexion angle. If we 
compare the standard squat results with the results 
provided by the inverse dynamics method and the non-
standard squat model, the significant difference related 
to this force becomes quite apparent.

Figure 7. Patellofemoral compression force

The standard squat model is created with similar 
boundary conditions as an Oxford-type test rig [6], 
therefore, the apparent difference between the standard 
and non-standard squat is likely due to this type of 
modelling technique: according to this method the 
quadriceps muscles are detached from the femur, 
and the knee capsule is removed, thus the entire BW 
is applied solely through the quadriceps tendon and 
patellar tendon. Therefore the entire knee moment, 
due to the BW is supported by the patella, and the 
resulting loads may be higher than physiological loads 
[6]. Further, during a squat motion, the human subject 
can lean forward to move the centre of mass forward 
and tilt the hip reducing the joint moment and can 
therefore lower the patellofemoral force significantly. 
The standard squat approach assumes that the subject 
stays perfectly vertical maximizing the knee moment 
and maximizing the quadriceps force. Finally, the 
knee moments in Oxford rig studies are often lower 
than physiological knee moments. The values reported 
using inverse dynamics method do not suffer from 
these factors.

In Figure 8, the tibiofemoral force is presented. The 
standard squat model [6] is not able to predict this force, 
thus no comparison could be carried out between the 
two analytical models.

Figure 8. Tibiofemoral compression force

The new non-standard squat model was compared to 
the results of Zheng et al. [13] and Steele et al. [14]. As 
it may be observed, the three results are in agreement, 
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although the experimental result of Zheng et al. [13] 
and Steele et al. [14] provide predictions only until 
90˚ and 70˚ of flexion angle. Here, the peak force is 
estimated as 7.8 BW.

In order to determine the influence of moving the 
centre of gravity in numbers, the patellofemoral forces 
have been calculated and compared as a percentage 
difference between the standard and non-standard 
squat:

100
 

1
standard

 standardnon ⋅







−=∆ −

K
KK 			   (13)

Where, K can be any quantity (force, moment or 
displacement). ΔK can provide a percentage difference 
of a standard quantity compared to a non-standard 
quantity (here standard and non-standard relates to the 
squat motion). The obtained results were summarized 
in Table 4.

The incorporation of the trunk movement significantly 
lowers the patellofemoral forces (up to 46%) along 
the calculated domain. This lowering effect on the 
patellofemoral forces (average 20%) corresponds 
very well with the result of Kulas et al. [10] who also 
investigated the effect of moderate forward trunk lean 
condition and observed 24% lower peak forces in the 
anterior cruciate ligaments (ACL).

Table 4. Percentage difference between Standard and 
Non-standard Squat

FLEXION ANGLE ΔFq ΔFpf ΔFpt

30° >1% -27% 20%

60° 23% 13% 10%

90° 46% 37% 15%

120° 42% 6% >1%

Although, no direct measurement was performed to 
validate the obtained results, the comparison between 
the current predictions and the inverse dynamics data 
found in the literature show appropriate agreement. 

The most important feature, which has to be underlined, 
is the possibility to include the movement of the trunk 
into the model. 

4.  CONCLUSIONS 

In summary, a new analytical model is presented, which 
draws the attention to the effect of the movement of the 
centre of gravity on the knee joint kinetics. This model 
is capable of accurately predicting the patellofemoral, 
tibiofemoral, patellar ligament, and quadriceps forces 
in the knee during standard or non-standard squatting 
motion. 

The new analytical model is derived from theoretical 
assumptions and experimentally determined parameters 
based on multiple human participants. The results of the 
analytical model correlated well with inverse dynamic 
results taken from the literature.

This new model is limited to the description of the 
kinetics of squatting motion. More specifically, the 
model shows how the horizontal movement of the 
centre of gravity influences the patellofemoral forces, 
since this phenomenon has not yet been investigated 
thoroughly by any other author. In addition, the model 
may be used to easily investigate other types of squat 
(depending on the λ functions), while the inverse 
dynamics method requires a measuring system and 
programs to determine the forces. 

Through the modelling approach, together with the 
creation of the necessary equations, similar modelling 
issues become more understandable and solvable. 

Among the patello- and tibiofemoral forces, the 
obtained Fq(α) force function can be extended 
for further use as an input function for isometric 
motion, since most descriptive relationships  
[3, 4] found in the literature provide only the ratio of 
the patellofemoral forces divided by the quadriceps 
force. 

As a further step, a numerical model will be built 
in MSC.ADAMS using a moving centre of gravity, 
since the necessity of this parameter is proven by this 
analytical model. In addition to this feature, the MSC.
ADAMS model will be used to investigate the contact 
forces (friction and normal) between the connecting 
surfaces and the sliding-roll ratio. These quantities will 
be given as a function of flexion angle.
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ABSTRACT: Feature Models (FMs) are a notation to represent differences and commonalities between products derived from a product 
line. However, product line modelers could unintentionally incorporate dead features in FMs. A dead feature is a type of defect, which 
implies that one or more features are not present in any product of the product line. Some authors have used ontologies in product lines, 
but they have not exploited ontology reasoning to identify and explain causes for defects in FMs in natural language. In this paper, we 
propose an ontology that represents FMs in OWL (Web Ontology Language). Then, we use SQWRL (Semantic Query-enhanced Web Rule 
Language) to identify dead features in a FM and identify and explain certain causes of this defect in natural language. Our preliminary 
empirical evaluation confirms the benefits of our approach.

Key words: Product lines, feature models, ontologies, dead features, SQWRL.

RESUMEN: Los modelos de características (en inglés Feature Models FMs) son una notación para representar diferencias y similitudes 
entre productos derivados de una línea de productos. Sin embargo, quienes modelan la línea de productos pueden introducir sin intención 
en los FMs defectos como las características muertas. Una característica es muerta si no puede estar presente en ningún producto derivado 
de la línea de productos. Algunos autores han identificado características muertas en los FMs, pero ninguno ha aprovechado las capacidades 
de razonamiento de las ontologías para identificar y explicar las causas de estos defectos en lenguaje natural. En este trabajo, se propone 
una ontología para identificar las características muertas en un FM y se proponen consultas sobre la ontología, para identificar y explicar 
en lenguaje natural ciertas causas de las características muertas detectadas. Nuestra evaluación empírica preliminar confirma los beneficios 
de nuestra propuesta.

Palabras clave: Líneas de productos, modelo de características, ontologías, características muertas, SQWRL.

1.  INTRODUCTION

A product line is a family of related products distinguished 
by different sets of features that each product provides [1]. 
A particular application of product line is the software 
product line (SPL). Software Product Line Engineering 
(SPLE) is thus the software development paradigm geared 
for the construction of SPLs. Extensive research and 
industrial experience widely prove the significant benefits 
of SPLE practices, which among them are reduced time 
to market, increased asset reuse and increased software 
quality [2]. In order to do that, SPLE usually uses Product 
Line Models (PLMs) to represent the correct combination 
of features that represent valid products. 

A common notation to represent PLMs is Feature 
Models (FMs). FMs describe the features, their relations 
and the valid feature combinations of a product line [3]. 
FMs have also proven useful to communicate with 
customers and other stakeholders, such as marketing 
representatives, managers, production engineers, 
system architects, etc. Consequently, having FMs that 
correctly represent the domain of the product line is of 
paramount importance for ensuring quality in SPLE. 
However, creating feature models with features that 
correctly represent the domain described by the model 
is not trivial [4]. In fact, when a FM is constructed, 
defects may be unintentionally introduced, which 
decreases the quality of the FM and hence also the 
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expected benefits of product line. Dead features are 
one such defect. A feature is dead if it cannot appear 
in any products of the product line [5–8].

Some studies in the literature automatically identify 
whether a FM present dead features or not [5, 9–11]. 
However, few studies have focused on identifying causes 
for such defect [12, 13]. Identifying the cause consist in 
identifying the dependencies that, combined in a certain 
manner, produce a dead feature. Such identification helps 
product line engineers to understand the problem and to 
determine the best solution to fix dead features [4, 14]. 
In addition, in an end-users configuration process, it is 
important to identify defects and explain the cause of 
these defects to users [15].

FMs and ontologies are comparable because both 
represent concepts of a particular domain and their 
dependencies [16]. However, FMs only offer a 
graphical means to represent a particular domain, 
whereas ontologies also offer an efficient mechanism 
to reason on domain models.

In this paper, we discuss an approach based on OWL-
DL (Web Ontology Language–Description Logic) [17] 
ontology and SQWRL (Semantic Query-enhanced 
Web Rule Language) [18]. The ontologies are formal 
domain models, which have powerful inference 
mechanisms. The ontologies are recommended for 
sharing terminologies and understanding. Therefore, 
modeling with ontologies offers interoperability, 
reusability and extensibility. We represent our 
ontology in OWL-DL because this formalism provides 
computational completeness and expressiveness for 
representing knowledge [19]. Moreover, we use a 
rule-based language because the rules are a natural and 
declarative way to represent knowledge [20]. SQWRL 
is a rule-based language to extract information from 
OWL ontologies. Therefore, we use this language to 
identify dead features in FMs, and some of their causes 
from the proposed ontology. 

Our proposal has two main contributions. First, it 
provides an ontology that represents FM concepts; 
second, it identifies and explains in natural language 
certain causes that produce dead features.

The remainder of the paper is as follows. In Section 
2, we give a brief overview of the necessary concepts 

for understanding the study described herein. Section 
3 presents our approach to identify the causes for 
dead features in FMs. In Section 4, we present the 
preliminary validation of our proposal. In Section 5, 
we present related research. Finally, Section 6 presents 
the conclusions and suggests future research directions.

2.  GENERAL CONCEPTS

Feature Models

Feature Models (FMs) are a notation for representing 
product line models. Using this notation, a feature is 
a distinctive element, which is visible to users. Each 
feature is a node in a tree structure, and the model 
dependencies are arcs [3]. 

The tree structure represents hierarchical organization 
of the features, wherein only one feature is the model 
root feature. In addition, except for the root, each 
feature has a parent feature [3]. Figure 2 shows a FM, 
which exemplifies the application of our proposal. 
Features can have different types of dependencies. 
Table 1 describes and graphically represents each type 
of dependency.

After Kang et al. [3] reported a first notation of FMs, other 
authors proposed extensions to the original notation [21] 
(e.g., the group cardinality dependency [22]).

Figure 1 shows an UML-based meta-model for a 
cardinality base FM. This meta-model relates the 
concepts presented in Table 1. 

of Utility Functions, Settings, and Media features, 
among others. As shows Figure 2, each child feature in 
the Media feature is optional. Additionally, each child 
feature in the Utility Functions and Settings features 
are mandatory. Each dependency connects two features 
with a unique nomenclature for easy identification.

In order to illustrate our approach, we intentionally 
introduced in the original model four dead features 
(MSN, Camera, VGA and Megapixels). For that 
purpose, we use two additional dependencies (R16 
and R17). 
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Table 1. Types of dependencies in FMs
Notation Type of Dependency

Mandatory [3]
Child feature B should be included in all valid 
products containing the parent feature A and 
vice versa.
It a feature is mandatory and all its ancestors 
are also mandatory, then, this feature is a full-
mandatory feature [5].

Optional [3]
Child feature B may or may not be included in 
valid products containing parent feature A. 
However, if feature B is included in a product, 
its parent A should be included too.

 

Group cardinality [22]
Represents the minimum (m) and the maximum 
(n) number of child features (B...C) grouped in 
a cardinality (<m..n>) that a product can have 
when the parent feature (A) is included in the 
product. 
If at least one of the child features is included 
into a product, the parent feature should be 
included too.

Transverse Dependencies
Requires [3]
Feature B should be included in valid products 
with feature A. This dependency is unidirec-
tional.
Excludes [3]
Features A and B cannot be in valid products 
at the same time. This dependency is bidirec-
tional.

Figure 1. FM meta-model based on the one proposed by 
Mazo et al. [15]

2.2.  Application Example

Figure 2 shows a reduced version of a FM based on 
the one proposed by Segura for mobile phones [23]. In 
this example, a Mobile Phone is composed 

Figure 2. Summary of a mobile phone FM based on 
Segura’s proposal [23]

2.3.  Dead features

Features are distinctive elements that are visible to 
user [3]. A feature is dead when it is not present in any 
product of the product line [5–8]. When a FM has dead 
features, the model is not an accurate representation 
of the domain. Indeed, if a feature belongs to a FM, 
the feature is important for the domain that we want to 
represent. Therefore, it should be possible to incorporate 
that feature in at least one product of the product line [7].

2.4.  Ontologies

An ontology is a formal explicit specification for a 
shared conceptualization [24, 25]. In the same way that 
FMs, ontologies help to identify and define the domain 
basic concepts and the dependencies among them. 

Representing information with ontologies aids 
the identification and definition of the basic terms 
of a domain. In addition, ontologies represent the 
dependencies and rules for combining such terms, and 
provide a common vocabulary for the domain model. 
Ontologies comprises classes, instances, properties and 
constraints [26]. 

Classes are the main concepts related to the ontology 
domain. Instances represent objects in the domain 
of interest. Properties are object properties or data-
type properties: Object properties relate ontology 
instance among them, whereas data-type properties 
relate ontology instances with concrete values, for 
example, an integer value. Finally, constraints describe 
the restrictions that instances must satisfy in order to 
belong to a class [26]. 
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2.5.  SQWRL Queries 

The Semantic Query-enhanced Web Rule Language 
(SQWRL) is a language that provides query operations 
for ontologies represented in OWL [18]. A SQWRL 
query comprises an antecedent and a consequent 
expressed in terms of OWL classes and properties. 
The antecedent defines the criteria that instances must 
satisfy to be selected, and the consequent specifies 
the instances to select in the query results [18]. each 
SQWRL uses classes and properties defined in the 
proposed ontology to query for information of the FM 
represented as ontology instances. A semantic reasoner, 
such as JESS (Java Expert System Shell) [27], executes 
SQWRL queries.

3.  PROPOSED SOLUTION

In the previous section, we described the basic concepts 
underlying our work. Following sub-sections present 
our approach, which uses ontologies and SQWRL to 
identify certain dead features in FMs, and to explain 
their causes in natural language. 

3.1.  Ontology-based representation of product line 
models

Figure 3 shows the proposed OWL ontology to represent 
the FMs concepts as an ontology. This representation 
allows us to exploit the semantic relationships among the 
concepts involved in FMs. For instance, we can ask for 
features that have the same parent, or features related by 
mandatory and exclude dependencies at the same time. 
We develop this ontology using the methodology proposed 
by Noy Noy & McGuinness (2001)and McGuinness [28] 
with a top-down approach, and we take the FM concepts 
from the meta-model presented in Figure 1. 

Figure 3. Proposed ontology to represent FMs

In our ontology, meta-model classes correspond to 
classes of the ontology.  In addition, we separate the class 
Feature in classes RootFeature and NotRootFeature 
to represent that a FM only has one root feature. We 
represent the attributes of the groupCardinality meta-
model class with ontology datatype properties, and we 
relate ontology classes with ontology object properties. 
For example, every dependency within the FM 
comprises an origin and a destination feature. Then, we 
create the object properties hasDependencySource and 
hasDependencyDestination to relate the Dependency 
ontology class with the Feature ontology class. 
Thus, we can relate each dependency with its feature 
source and its feature destination. Furthermore, in the 
optional and mandatory dependencies, the property 
hasDependencySource identifies the parent feature, 
and the property hasDependencyDestination identifies 
the child feature. In the example shown in Figure 2, 
the Mobile Phone feature is the origin feature of the 
optional dependency R1, and the Utility Functions 
feature is the destination feature. Moreover, Mobile 
Phone is the parent feature of the Utility Functions 
feature.

3.2.  Rules for identifying dead features

According to the literature [4, 7, 13], misuse of 
dependency in FMs causes dead features. Our proposal 
considers that a feature can become a dead feature if 
a full-mandatory feature excludes an optional feature 
(see Rule 1), or if the parent feature is a dead feature 
(see Rule 2). Other cases that cause dead features are 
outside the scope of this initial proposal.

Rule 1: Full-mandatory feature excludes an optional 
feature: An optional feature becomes dead when a 
full-mandatory feature excludes it.

In the example, the Camera feature is optional due to its 
dependency (R11) with the Media feature. Furthermore, 
product cannot have the Games and Camera features 
simultaneously due to the exclude dependency (R17) 
between both features. Because Games is a full-
mandatory feature [5] (i.e., it is present in all products), 
the Camera feature is a dead feature. 

Rule 2: The parent feature is a dead feature: If a child 
feature is included during product configuration, the 
parent feature should be included too [3]. If the parent 
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feature is already a dead feature, its children features 
cannot be included in any product. In the example, 
features VGA and MegaPixels are children of dead 
feature Camera. Thus, these children features are dead 
features too. 

We use SQWRL to implement the rules proposed in 
this section. For the sake of space, we only present 
and explain in the Table 2 the source code of the 
Rule 1, in which full- mandatory features exclude an 
optional feature. Nevertheless, both rules have a similar 
structure. 

It is important to highlight that in queries, we use 
WILDCARD word as an argument that depends 
on each rule (e.g. in rule 1 WILDCARD belongs to 
full-mandatory features, while in rule 2 it belongs to 
dead features). Each statement SQWRL requires a 
constant value in the argument WILDCARD. Therefore, 
we create dynamically a SQWRL for each possible 
value of WILDCARD. For instance, WILDCARD can 
take seven different values in our application example 
(see Table 2); hence, we create seven different SQWRL 
queries. 

Table 2. SQWRL query for dead features that satisfy Rule 1. 

(1)Excludes(?y) ^ 
(2)Optional(?w) ^ 

(3) NotRootFeature(?x) ^ 
(4) NotRootFeature(WILDCARD) ^ 

(5)hasDependencySource(?y, WILDCARD)^ 
(6)hasDependencyDestination(?y,?x) ^ (7)hasDependen
cyDestination(?w,?x)->  (8)sqwrl:selectDistinct(?x)

Rule 1: Consequent result
selectDistinct(?x):Optional feature, which is excluded by a full-

mandatory feature. 
Example Value:Camera ,MSM

Rule 1: Antecedent construction
SQWRL 

instruction Definition Example Value

Excludes(?y) Excludes 
dependencies R16,R17,R18

Optional(?w) Optional 
dependencies R3,R9,R15,R19,R20

NotRoot 
Feature 
(?x)

Features non-root of 
the FM

Utility Functions, Settings, 
Calls, Messaging, Games, 
Java support, OS, Media, 

MP3,MP4,

Camera,Voice, 
Data,SMS,MSM,VGA,

Megapixels

NotRoot 
Feature 

(WILDCARD)

In this rule, 
WILDCARD 

correspond to full- 
mandatory features

Utility Functions, Settings, 
Calls, Messaging,Games, 

Java support, OS

has 
Dependency 
Destination 
(?w,?x)

Data are restricted, 
so x corresponds to 
features destination 

of optional 
dependencies

Value of x 
Media, MP3, 

Camera,Voice,Data,SMS, 
MSM,VGA, 
Megapixels

has 
Dependency 
Source 
(?y, 

WILDCARD)

Data are restricted, 
so y corresponds 

to excludes 
dependencies whose 
source feature is full- 

mandatory

Values of y

R16,R17

has 
Dependency 
Destination 
(?y,?x)

Data are restricted so 
x now corresponds to 
features excluded by 

the dependency y.

Values of x

Camera and MSM Both are 
dead features

3.3.  Natural Language Explanations

We have a predefined explanation text for each 
proposed rule to identify dead features. Then, after 
identifying the dead features that satisfy rules 1 or 2, 
we explain the defect in natural language, as follows: 

a)  We determine if the dead feature satisfies rule 1 or 
rule 2.

b)  We generate the predefined text that explains rule 
1 or rule 2 in natural language. 
Text to explain rule 1 is “Optional feature 
featureName is dead because the full-mandatory feature 
fullMandatoryFeatureName excludes it through the 
dependency exclusionDependencyName”. 
Text to explain rule 2 is “Feature featureName is dead 
because parentFeatureName, its ancestor feature, is a 
dead feature too”

c)  We execute a new SQWRL query to get dependencies 
and features names related to the predefined text, 
which explains the dead feature. 

d)  We replace information from the FM at hand as 
needed in the predefined text. Figure 4 shows 
and example of each explanation applied to our 
application example.

3.4.  Implementation Details 

We implemented our approach in two stages. In the first 
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stage, we created the proposed ontology with Protégé 
3.4.8 to represent concepts of the FMs meta-model. In 
the second stage, we developed a tool to integrate our 
proposed OWL ontology with Java. This integration 
allows us to manage and query information of each 
analyzed FM. 

The implementation process of our second stage was 
as follows:

a)  We read the proposed ontology in Java.

b)  We use Jena [29] to populate and manage the 
ontology with information of the analyzed FM.

c)  We use JESS library, as reasoner engine, to execute 
from Java SQWRL queries to identify dead features 
(i.e., features that satisfy the rule 1 or rule 2).

d)  We produce a natural language text, which explains 
the cause of each dead feature. The explanatory 
text depends on whether the property satisfies rule 
1 or rule 2. We complete the explanations from 
information gather from SQWRL queries.

Figure 4 presents one snapshot of the developed 
tool with a feedback obtained when we analyzed 
dead features in our application example. This 
case comprises features with mandatory, optional, 
excludes and group cardinality type dependencies. 
It also comprises an exclusive dependency that does 
not generate dead features (R18) and additional 
dependencies that generate dead features.

Figure 4. Snapshot corresponding to results generated 
from analyzing our FM running example

4.  PRELIMINARY EVALUATION 

4.1.  Correctness

We assessed the correctness of our approach with 5 
FMs with 25 features and  5 FM with 50 features. 
We generated these FMs with the BEnchmarking and 
TesTing on the analYsis (BeTTy) tool [30]. 

We manually tested our approach in three steps. First, 
we verified that it did not generate false positives. 
Second, we verified that the proposed solution 
identified 100% of dead features considered in our 
two rules. Finally, if the FMs had dead features, we 
validated that the cause corresponds to the case that 
produced the defect, and that the filled spaces in the 
explanation text corresponded to the correct situation 
for each one of the models. 

In the first stage, we manually compared the dead 
features with the results obtained using FaMa [12]. 
We found that our proposal identified the 100% of the 
dead features that satisfied our rules, with 0% false 
positive. For the second and third stage, we made 
a manual inspection of correctness over 2 models 
(randomly selected) of 25 features and 2 models of 
50 features. 

We found that our proposal constructed correct 
explanations; i.e., they corresponded to the cause(s) 
that originated each defect. Results are available online 
in https://sites.google.com/site/raulmazo/.

4.2.  Comparison of results

We compared results obtained in our proposal with the 
proposals of Trinidad et al. [4] and Rincón et al. [31] 
for the example application. 

Table 3 presents the comparison of the results. The 
first column shows dead features identified by all 
approaches. The second column shows causes, in 
natural language, found by our proposal. Finally, the 
third column shows corrections proposed by Trinidad 
et al. [4] and Rincón et al. [31] (In this case, both 
approaches identified the same corrections).
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Table 3. Comparison our proposal vs other approaches

Dead 
feature

Our proposal

Trinidad et 
al. [4]  

Rincón et al. 
[31]

Causes in natural language Corrections

Camera

Optional feature Camera is dead because 
the full-mandatory feature Games 
excludes it through the dependency 

traversal_Games_TO_Camera

R1

R6

R17

MSN Optional feature MSN is dead because 
the full-mandatory feature Java support 

excludes it through the dependency 
traversal_ MSN _TO_ Java support

R2

R7

R16

Mega

pixels

Megapixels is dead feature because  
Camara its ancestor feature is dead 

feature too

R1

R6

R17

R19

VGA VGA is dead feature because  Camara its 
ancestor feature is dead feature too

R1

R6

R17

R19

The results obtained shows that in the application 
example all approaches identified the same dead 
features. However, in other FMs, Trinidad et al. 
[4] and Rincón et al. [31] could identify other dead 
features that our approach will not identify. This 
is because we have not implemented all the cases 
to identify all dead features. Trinidad et al. [4] and 
Rincón et al. [31] identify all cases because they use 
a constraint satisfaction approach. However, our rule-
based approach is extensible: we can create new rules 
for identifying and explaining in natural language 
other cases of dead features.  Regarding explanations, 
Trinidad et al. [4] and Rincón et al. [31] identify the 
list of dependencies that must be deleted to remove 
dead features (Corrections). Our work instead focuses 
on explaining the cause of each dead feature in natural 
language. This information helps feature modelers to 
understand why dead features appear. Therefore, our 
approach is complementary to proposal of Trinidad et al. 
[4]  and Rincón et al. [31] because the feature modeler 
could find dead features, their causes in natural language 
and possible corrections combining those proposals.

5.  RELATED RESEARCH

We divide the research studies on identifying causes for 
dead features into two types: studies related to using 

ontologies in product line models, and those related to 
identifying causes of dead features. For the first type, 
Wang et al. [32] Wang et al., (2007)propose representing 
FMs and their constraints in OWL ontology language. 
In their proposal, the authors represent each feature as 
an ontology class, and each dependency as an ontology 
property. Their study identifies inconsistencies in 
particular FMs configurations and provide explanations 
for inconsistencies. However, their approach does not 
analyze the FM itself to identify the shortcomings, but 
each particular configuration. 

In [15] Abo et al. propose two SWRL rules to validate 
model consistency. The first one detects features 
that excludes and requires the same feature, and the 
second one detects cycles in the FM, i.e, feature x 
requires feature y, and feature y requires feature x. 
Authors define inside ontology, as an antecedent, each 
situation that creates an inconsistency, and define as 
the consequence, the elements involved.  Our work 
as the proposal of Abo et al. [15] uses ontology to 
represent FM in a formal way. However, additionally 
to use the ontology for formal representation, we use 
ontologies for two different purposes: (a) we exploit the 
ontological representation to perform dynamic SQWRL 
in FMs (i.e. Table 2); and (b) we explain defects in 
natural language. This is possible due to integration of 
our approach with Java.  Abo et al. [15] implemented 
their proposal only in Protégé-OWL, therefore they do 
not have those advantages. 

Lee et al. [33]  Lee, Kim, Song, & Baik (2007) use 
ontologies to represent FMs and to analyze their 
variability and commonality. However, they use 
ontologies to analyze the semantic similarity of the FM, 
whereas that our approach uses ontologies to identify 
dead features and explain their causes.

Regarding the second category, several works were 
carried out to automatically identify dead features (and 
other defects) on [5, 9–11]. However, none of these 
works deals with identification of causes that explain 
in natural language why each dead feature occurs.

Trinidad et al. [4] present an automated method for 
identifying and explaining defects, such as dead 
features in FMs. For Trinidad et al. [4], an explanation 
is the minimal subset of dependencies that should be 
modified to remove the defect. They implemented their 
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approach transforming FMs into a diagnostic problem 
and then into a constraint satisfaction problem. This 
Implementation is available in FaMa [12], an Eclipse 
Plug-in for automatic analysis of FMs. 

Rincón et al. [31] propose a method to identify 
corrections in FMs. In this approach, authors transform 
FMs into a constraint problem, then they identify 
all minimal corrections subsets (MCSes) [34] of 
dependencies that could be modified to correct each 
dead feature of the FM. This approach like FaMa[12], 
identify the list of dependencies that entail the fewest 
changes to fix the defect, but also identify others set 
of dependencies that imply more changes and fix the 
defect. This information provides more complete 
information about how to correct each dead feature. 

Trinidad and Ruiz-Cortés [13] Trinidad & Ruiz-
Cortes, (2009)use abductive reasoning to identify dead 
features and their causes. Unfortunately, the authors 
did not describe a method or algorithm to support their 
proposal. 

Constraint satisfaction techniques are not enough to 
explain causes of a dead feature in natural language 
because, for instance, the structure needed to provide 
these explanations, is lost when authors transform the 
models into constraint programs. In fact, explanations 
generated by Trinidad et al.[4] and Rincón et al. [31] 
are not the causes that explain why a feature is dead, 
but corrections to apply in order to remove the defect. 

6.  CONCLUSIONS AND DISCUSSION

In this paper, we present an approach, which takes 
advantage of the inherent characteristics of ontologies, 
in order to identify dead features in FMs and explain 
certain causes of that defect in natural language. We 
use OWL to create an ontology to represent the FMs 
and their dependencies, and SQWRL as an ontology 
query language. We validate our proposal through the 
implementation and application of two SQWRL rules 
on a well-known case study and ten other FMs. 

Our approach, in contrast to the black box-like 
approaches found in literature, can be easily extended 
with other rules to identify and explain other causes 
that create dead features. 

Although ontologies were initially proposed for the 
semantic web, given their expressive power and formal 
semantics, they are useful in product lines to support 
identification of defects in feature models and to 
obtain information to produce explanations in a human 
understandable form. 

We are currently extending this approach to identify 
other causes to explain dead features and other defects 
on FMs (e.g., false optional features or void FM). 
Other future directions include validating performance, 
accuracy, and scalability of the proposed approach for 
application to industrial cases.
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ABSTRACT: In Colombia the agro-industrial process of fique generates approximately 20 800 kg of waste / ha planted, consisting of 
bagasse and juice. These wastes are discarded over soil and water generating a problem of environmental pollution.  The fique bagasse (FB) 
has a calorific value of 3 297.91 kcal / kg, high concentrations of cellulose, hemicellulose and C / N ratio that make it appropriate for biogas 
production. However, the presence of lignin in the FB requires specific microbial consortia for its degradation. Therefore, in this research the 
biogas production from FB on a laboratory scale was studied through the Anaerobic Digestion (AD) process using a consortium of ruminal 
fluid (RF) and pig manure (PM). A methane production of 0.35 m3 CH4/kg   volatile solids (VS) added during two weeks, equivalent to 1.38 
kWh/kg VS added, indicated that FB is an attractive residual to be used as a source of renewable energy.

Key words: Anaerobic digestion, fique bagasse, inoculums, lignocellulosic waste, ruminal fluid.

RESUMEN: En Colombia, el procesamiento agroindustrial de fique genera aproximadamente 20 800 kg de residuos/ha sembrada que 
corresponden a. jugo y bagazo. Estos residuos son descartados al ambiente generando problemas de contaminación. El bagazo de fique tiene 
un valor calorífico de 3 297.91 kcal/kg, altas concentraciones de celulosa, hemicelulosa y una relación C/N favorable para tratar este residuo 
mediante conversión anaerobia. Sin embargo, la presencia de lignina en el bagazo hace que se requiera un consorcio microbiano específico 
para llevar a cabo la degradación. En este trabajo se estudio la producción de biogás a partir del bagazo de fique, empleando como inóculo 
una mezcla de líquido ruminal y lodo estiércol de cerdo. Se alcanzó una producción de metano de 0.35 m3CH4/kg Sólidos Volátiles (SV) 
adicionados durante quince días de digestión, equivalente a 1.38 kWh/kg SV adicionado, indicando que el bagazo de fique es un residuo 
atractivo para ser usado como fuente de energía renovable.

Palabras clave: Digestión anaerobia, bagazo de fique, inóculos, residuo lignocelulósico, líquido ruminal.

1.  INTRODUCTION

Agricultural residues are an alternative source of energy 
that reduces  the depletion of fossil fuels [1]. The molecular 
structure of this residual biomass is responsible for their 
energy content which varies between 3000 and 3500 kcal 
/ kg for lignocellulosic wastes, and from 2000 to 2500 
kcal / kg for urban waste [2]. The agro industrial process 
of fique   (Agave family) generates 15000 tons of waste 
(bagasse) per hectare. Bagasse is being left on soil and 
thrown in rivers causing environmental pollution problems. 
Waste from the fique process have been evaluated for 
the production of pharmaceutical active compounds 
(hecogenin and tigogenin), surfactants, bioinsecticides, 
paper and fique fiber reinforced materials [3].

Due to the physicochemical composition of fique bagasse 
(FB), this residue is considered as a lignocellulosic 
waste biomass. [4]. 

Actually, one the most important impacts of renewable 
energy is the anaerobic digestion process from 
different substrates. The wastes´s physico chemical 
characteristics condition the biomethane potential.

The Table 1 shows the yields values of 0.03 and 0.48 
m3 CH4/kg VS added for urban municipal solid and 
cooked meat wastes, respectively.

Wastes with composition similar to Fique Bagasse, 
such as sisal, maize silage and grass silage, reached 
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high biogas production, with yields of  0.24 m3 CH4/
kg VS added, 0.36 m3 CH4/kg VS added and 0.6 m3 
CH4/kg VS, respectively [1, 5]  

In terms of methane yields, the Cattail aquatic plant 
reached a conversion of 66% from volatile solids, using 
ruminal fluid as inoculums [6]. Sisal and corn digestion 
attain methane values of 60% v/v [5, 7]. Whey, barley 

and rice residues showed high biomethane potential with 
values of 501, 229 and 195 L CH4/kg VS, respectively [8]. 

The high carbon content in FB makes it a potential substrate 
for methane production by anaerobic bioconversion 
systems [9]. Therefore, the aim of this research was to 
evaluate the production of biogas through anaerobic 
digestion on a laboratory scale, using a consortium of 
bacteria from ruminal fluid and pig manure.

Table 1. Potential for biogas production from different wastes

RESIDUE
METHANE PRODUCCTION                                 

(m3CH4/Kg VS)
REFERENCE

Cooked meat 0.48 Cho et al., (1995)Office Paper 0.37
Municipal Solid Waste 0.03 Forster-Carneiro et al., (2007)

Oilseeds 0.42 Petersson et al., (2007)Straw 0.44
Corn (silage) 0.36

Amon et al., (2007)Sunflower 0.30
Sisal 0.32

Plantain peel 0.27 Nallathambi Gunaseelan (2004)Rotten tomatoes 0.30
Grass silage 0.60 Liu et al., (2009)

Source: Ward et al., 2008 modified by the authors.

Anaerobic digestion takes place in four stages: 
a) hydrolysis b) acidogenesis c) acetogenesis d) 
methanogenesis. These stages are carried out by 
microbial consortia formed from different populations 
of microorganisms. The products generated in each 
stage are the nourishment of another [10]. 

In hydrolysis, the organic matter composed of complex 
molecules must be broken to simpler compounds. The 
microorganisms involved in this stage produce acetic 
acid-carbon compounds, fatty acids and other organic 
polycarbonate compounds. In this way, carbohydrates 
are converted into simple sugars, fats into glycerol and 
fatty acids and proteins are hydrolysed to peptides and 
amino acids, releasing carbon dioxide and hydrogen 
[11]. At the acidogenesis stage, the monosaccharides 
produced are converted into organic acids of acetate, 
propionate, butyrate, valerate type, CO2 and H2. In 
acetogenesis, acetate, H2 and CO2 are generated, mostly. 
In methanogenesis, the methanogenic consortiums 
convert acetate into methane and CO2, mainly [12, 13]. 

The methane production depends on its hydrolytic activity 
(HA) and specific methanogenic activity (SMA). The HA 
indicates the inherent ability of a microbial population to 

degrade carbon and it is quantified as the specific rate of 
substrate consumption [14]. The SMA refers to the ability 
of the microbial biomass to convert organic matter into 
methane and it is expressed as the mass of substrate in 
terms of chemical oxygen demand (COD) that is converted 
into methane per biomass unit per unit of time (gCOD-
CH4/g volatile suspended solids- VSS / day) [15].

Physico-chemical composition of FB indicates that 
these residues are composed of complex polymers such 
as cellulose, hemicelluloses and lignin. Therefore, FB 
digestion requires a specialized hydrolytic consortium. 
Different microbial consortiums have been used in 
biogas production from lignocellulosic materials, such 
as anaerobic sludge from primary wastewater treatment 
plants, ruminal fluid, pig manure or cattle manure, 
compost, and pure cultures of microorganisms [16, 17]. 

Previous studies showed that during anaerobic 
digestion from fique bagasse, the mixture Ruminal 
Liquid (RL) and Pig Waste Sludge (PWS), as consortia, 
showed high hydrolytic and methanogenic activities 
and the best biomethane potential. 

During the anaerobic digestion process, the organic 
matter is converted into soluble fractions, which can be 
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expressed as total reducing sugar (TRS), total volatile 
fatty acids (TVA) and cumulative methane volume.  

The aim of this research, was to describe anaerobic 
digestion from fique bagasse, used as inoculum the 
mixture ruminal liquid and pig manure sludge, through 
evolution of total reducing sugar, total volatile fatty 
acids and cumulative volume methane.

2.  MATERIALS AND METHODS

2.1.  Substrate

FB, as substrate, was collected in a fique processing 
plant located in Santander –Colombia. FB chemical 
composition was evaluated by: total alkalinity (TA), 
concentration of total solids (TS), volatile solids (VS), 
volatile fatty acids (VFA), carbon / nitrogen ratio (C / N), 
cellulose, hemicellulose and lignin according to procedures 
established by Van Soest and the Standard Methods for 
Examination of Water and Wastewater [18, 19].

2.2.  Inoculum

A mixture of 1:1 ruminal fluid (RF) and pig manure sludge 
(PMS) was used in the bioproduction process. RF was 
obtained from bovine stomachs collected in a livestock 
processing plant. PMS was collected from pig septic tanks. 
The inoculums physicochemical composition was evaluated 
according to protocols established by the Standard Methods 
for Examination of Water and Wastewater [18]. 

The microbiological characterization quantify the major 
microbial groups present in the inoculum and it was carried 
out using the technique of Most Probable Number (MPN) 
according to protocols established [15]. Serial dilutions 
were made from the mixture RF-PMS. Each dilution 
were inoculated in five hungate tubes, additionally, five 
un-inoculated tubes were considered as control. The tests 
were performed in a CO2 atmosphere to ensure anaerobic 
conditions. A positive result was identified according to 
the characteristics of each trophic group (Table 2). MPN 
values were calculated using the Mac Grady statistical table.

Table 2. Trophic group quantification determined by the MPN technique

Trophic group Abbreviation Substrate Incubation Time at 
35°C ± 2°C (days) Detection of positive tubes

Glucose-fermenting bacteria (GFB) Glucose 5 to 8 Color change from green to 
yellow

Lactate fermenting bacteria (LFB) Lactate 5 to 8 Color  change from green to 
yellow

Acetate sulfate-reducing bacteria (ASRB) Acetate 7 to 15 FeS Production
Hydrogenophilic methanogenic 
bacteria (HMB) H2/CO2 15 to 45 Methane Detection

Acetoclastic Methanogenic bacteria (AMB) Acetate 30 to 60 Methane Detection

Methanogenic bacteria for methanol (MBM) Methanol 30 to 60 Methane Detection

2.3.  AD process for FB

Methane production from FB using RF-PMS was carried 
out in 0.5 L reactors, with an operating volume of 0.35 L. 
substrate / inoculum ratio of 1 g VS / g VS was used. The 
operation time was 15 days, at 39 ± 2°C. The concentration 
of total reducing sugars (TRS), volatile fatty acids (VFA), 
biogas volume and the percentage of methane produced 
were considered as variables response.

TRS concentration was determined according to the 
colorimetric method of dinitrosalicylic acid, using a 
GENESYS 20 Thermo Spectronics spectrophotometer 
at a wavelength of 540 nm [20]. VFA concentration 
was quantified according to the titration procedure 

[21]. Methane volume was measured by the alkaline 
shift method [22] at standard conditions and the quality 
of biogas produced was determined by a PGD3-IR 
Status Scientific Controls infrared gas detector. All 
fermentations were performed in duplicate. Experimental 
result was analyzed with standard deviation.

3.  RESULTS AND DISCUSSION

3.1.  Characterization of FB

FB has similar physicochemical characteristics to sisal 
waste, cattail and sunflower oil residues (Table 3), all of 
them with high potential for biogas production [6, 23, 24].
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FB has an acidic pH that could inhibit the start of AD 
process. However, the inoculum’s buffering capacity 
regulates this inhibitory effect. According to the 
concentration of VS, cellulose and hemicelluloses 
content, FB has the capacity to produce methane and it 
is coherent with the biodegradability test in sisal [25].

The C/N content varies with the type of waste and 
causes inhibition in an inappropriate range. A C/N 
optimal range of 15 to 25 has been recommended for 
microbial growth.  As examples, the co-digestion of 
onion and digested sludge has a value of 15; mixtures 

of corn crops with the sludge reach ratios between 15 
and 18, and 21 in adverse operational conditions [13]. 
In this study FB has a C/N of 14.

In energy terms, olive waste has a calorific value of 4240 
kcal / kg and reached the maximum biogas production 
of 54.26 l / l olive residue containing 83% methane [26, 
27]. Sunflower oil residues has a calorific value of 3700 
with productions of 0.20 L CH4/kg VS [24]. FB has a high 
calorific value, 3000 kcal / kg, which can be exploited for 
energy production, this value corresponds to agricultural 
biomass with the low content of sulfur and ash. 

Table 3. Physicochemical characteristics of FB
Parameter Units Fique Bagasse Sisal Pulp Cattail Sunflower oil residues

pH 4 5.60 nd Nd

TS % (p/p) 24 14.2 90.2 11.6

VS % (TS) 87.1  82.3 91.2 87

C/N 14  65 nd 18

Celulose % 41.81  47.1 20.8 40.7

Hemicellulose % 22.17 23.1 22.6 8.5

Lignin % 15.56 8.60 10.5 11.5

Sulfur %p/p 0.006 Nd Nd Nd

Ash %p/p 10 Nd Nd Nd

Heating Power kcal/kg 3300 Nd Nd 3700
Nd: not determined

3.2.  Physicochemical and microbiological 
characterization of the inoculums

RF-PMS characterization is shown in Table 4. Values 
obtain from this inoculums confirm its application in 
AD process in terms of pH: 8.0 TVFA: 3100 mg/L 
and VSS: 21880 mg/L, among others parameters [28].  

Microbial distribution of populations in RF-PMS is shown 
in Table 5. High levels of GFB, LFB and ASRB confirm 
the enzyme activity 	 required for AD starting up 
(hydrolytic and acidogenic stages). The last group 
guarantees acetate metabolism since its ability to grow 
using this substrate of the incomplete oxidation of ethanol 
[29]. HBM, AMB and MBM concentrations between 
104 and 105 NMP/g VSS  maintain a partial pressure of 
hydrogen at a level that allows syntrophic degradation 
of ethanol and propionate [30, 31]. The percentage 

distribution of hydrogenophilic methanogenic archaea 
group (40%) is responsible for methane production and 
shown a symbiotic balance between the trophics groups.

Table 4. Physicochemical characteristics, HA and SMA of 
inoculums RF-PMS

Parameter Units Value

pH -- 8

TVFA mg/L 7 200

TA mg CaCO3/L 3 100

TS mg/L 43 770

VSS mg/L 21 880

TVS mg/L 23 640

HA g COD/g VSS day 0.051

SMA g COD/g VSS day 0.144
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Table 5. Inoculums group trophic quantification by NMP method

Trophic group Abbreviation RF-PMS
(NMP/g VSS)

Glucose-fermenting 
bacteria (GFB) 9.8 x 1011 

Lactate fermenting 
bacteria (LFB) 1.5 x 1010 

Acetate sulfate-
reducing bacteria (ASRB) 1.3 x 1010 

Hydrogenophilic 
methanogenic bacteria (HMB) 1.8 x 105 

Acetoclastic 
Methanogenic bacteria (AMB) 4.0 x 104 

Methanogenic bacteria 
for metanol (MBM) 2.0 x 104 

3.3.  TRS and VFA variation in AD from FB

TRS are soluble compounds, easily metabolized by 
microorganisms, which allow the AD first stage to 

take place [24]. The high concentration of TRS at 
the beginning encourages the process to start (Figure 
1). The rapid consumption of sugars, until the fourth 
day, is consistent with microorganisms metabolism in 
the hydrolysis and acidogenesis stages and shows its 
enzymatic capacity [26]. The TRS concentration was 
kept constant during the fermentation. 

During VFA production, a simultaneous TRS consumption 
was observed. From the eighth day, VFA concentration 
remained constant (from 4000 to 4320 mg VFA / L) and 
avoids inhibition by acidification in the reactor. These 
results are consistent with VFA and pH values from other 
studies. For example, the variation of pH for biomethane 
potential of maize in a batch test, ranged from 7.2 to 8.0, 
similar results were obtained with fruit/vegetable with 
maximum values before inhibition of a pH of 7.8 and 
7800 mg/l of VFA [7,33].

 
Figure 1. TRS and VFA concentration during the digestion time

3.4.  Methane production from FB

Methane production, for the first two weeks, was 3.6 
L (Figure 2) and confirms the AD success using FB 
as an organic substrate. Yields values obtained were 
0.45m3 CH4/kg VS and are comparable with the AD 
of grass, corn and agro-industrial wastes (0.40, 0.32 
and 0.32; respectively) [8, 23, 34].  The percentage 
composition of the biogas produced from FB (Table 6), 
is corroborated with research about anaerobic digestion 

from sisal experiments, the methane production reached 
was above 50% [5]. These results indicate that FB can 
be considered as a viable alternative for recovering 
energy in the form of biogas with 60–65% methane 
content. 

In comparison with other lignocelullosic wastes, FB is 
one of the most efficient biomasses in terms of electrical 
energy (Figure 3) [5, 8, 35].
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Figure 2. Accumulated methane production during digestion time (STP conditions)

Figure 3. Methane yields, during anaerobic digestion, expressed in kWh / kg VS added

Table 6. Percentage composition of biogas obtained from FB
Composition Units Value
CH4 % 65
CO2 % 30
Other gases % 5

4.  CONCLUSIONS

Anaerobic Digestion of FB, as the lignocelullosic 
substrate, produces 1.38 kwh/kgVS using a mixture of 
ruminal fluid-pig sludge manure with high hydrolytic 
activity and specific methanogenic activity potential. 
Anaerobic digestion of fique bagasse is an alternative, 
not only as a real source of energy but also it contributes 
to reduce the environmental contamination. 
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ABSTRACT:  This paper describes the analysis, modeling, and simulation of an electric vehicle (EV) focused on developing a test bench 
for reproducing EV dynamics. The EV test bench is composed of an induction motor (IM) drive, which is directly coupled to a dc machine 
and to an inertial flywheel through a transmission system with bands. The inertial flywheel and the DC machine reproduce the dynamic and 
forces acting on the EV. A methodology is proposed to design EV test bench to study the EV behavior close to the real test conditions. The 
EV forces and DC machine analysis can define the different conditions of the EV operation. The modeling and simulation are developed in 
MATLAB/Simulink, the test bench implemented is controlled by a DSP. Finally, simulation and experimental obtained results can validate 
the operation of the test bench emulator. 

Key words: Electric vehicle, flywheel, model, emulator, DSP, DC machine, induction motor. 

RESUMEN: Este artículo describe el análisis, modelado y simulación de un vehículo eléctrico (EV) enfocado al desarrollo 
de un banco de pruebas para reproducir la dinámica del EV. El banco está formado por un drive de motor de inducción (IM) 
acoplado directamente a una máquina de DC y a un  volante de inercia a través de una transmisión. El volante de inercia y 
la máquina de DC reproducen la dinámica y las fuerzas que actúan en el vehículo. Se propone una metodología para diseñar 
un banco de pruebas de EV para estudiar el comportamiento de vehículos eléctricos cercano a las condiciones de operación 
reales. El análisis de las fuerzas en el EV en conjunto con la máquina DC define las condiciones de operación del EV. El 
modelado y la simulación son desarrollados en MATLAB/Simulink, el banco de pruebas implementado es controlado por un 
DSP. Finalmente, los resultados de simulación y experimentales obtenidos validan el funcionamiento del banco de prueba.

Palabras clave: Vehículo Eléctrico (EV), volante, modelo, emulador, DSP, máquina de CD, motor de inducción. 

1.  INTRODUCTION

Nowadays, worldwide environment contamination due 
to industrial applications, to transportation and to the 
strong oil dependence for electrical energy generation, 
has become a big ecological and health problem [1,2]. 
Additionally, related to the dependence on oil as a main 
source of energy, it is important to consider the fact 
that oil is a non renewable source, which is becoming 
exhausted worldwide. However, very interesting 

renewable alternative and clean energy sources are 
being considered for different applications. A solution 
for transportation, to solve the oil dependence, is to use 
electric energy for electric vehicles based on different 
energy sources such as biodiesel, ethanol, solar, fuel 
cells, among others, which are replacing the traditional 
non renewable energies [3-6]. Thus, electric vehicles 
(EVs) have had a strong development for different 
required applications, such as cars, scooters, bicycles, 
hoist, and electrical wheelchairs, among others. These 
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types of EVs are typically driven by stored electric 
energy (battery, fuel cell, and ultra-capacitor); however, 
one of the main EV problems is the short driving range 
due to the energy storage capacity. So, the way to use 
storage energy efficiently is an important issue for 
designing EVs. Recently, researches about the design 
and implementation of EVs have been developed; 
some of them have been focused on the efficient way to 
process energy in order to increase the EV autonomy [7-
11]. From the point of view of EV energy management 
design, a whole analysis of the system, considering the 
different energy processing elements, it is essential to 
know how to manage the energy in order to improve 
the EV performance [8,9,11,12]. Several control 
techniques are proposed in the literature for adjustable 
speed drives, trying to improve the dynamic response of 
speed, torque, and slip ratio output regulation [12-14]. 
However, studies related to the energy management are 
not always taken into account. Energy management 
analysis is an important issue in the development of 
electric vehicles; it is necessary to understand the 
relations and interactions of the energy process during 
acceleration/braking in the different parts of the system. 
In the above mentioned research some are based on two 
interesting approaches: simulation by models [13] and 
experimentation using a test bench of the system [7] in 
order to correctly describe the operation of the different 
EV parts. Different approaches have been reported to 
study the EV behavior; some are based on models of the 
system and others on test to emulate the behavior of EV 
by using dynamic loads [15-19]. EV simulation is an 
interesting method to analyze the behavior, this method 
is feasible and cheap, but the results obtained depend 
on the model accuracy to represent the real system; so 
it is related to the number of parameters considered 
and consequently the simulation can take a relative 
long time. The EV test bench can reproduce dynamic 
conditions close to the real operation behavior of the 
automobile, but this representation has to be scaled to 
the real system and the cost is more expensive than 
the model. These two approaches allow us to propose 
improvements to the EV system design, from the point 
of view of energy management by using alternative 
energy sources associated with efficient energy storage 
technology, such as batteries, fuel cells, ultracapacitors, 
flywheel, among others. 

The most interesting contributions of this work, with 
regard to other works from the literature, are: a) 

the study of EV systems is based on modeling and 
experimentation approaches; and b) the test bench 
includes an inertial flywheel that allows the EV 
dynamic behavior to be emulated. In this sense, this 
paper presents the analysis, modeling and Matlab/
Simulink implementation of an EV. Furthermore, 
the design and experimental implementation of a test 
bench to emulate a scaled EV. The simulation and 
experimental obtained results are analyzed based on 
the energy balance approach. 

2.  ELECTRIC VEHICLE ANALYSIS  

The EV analyzed considers the EV dynamics, the 
transmission, the source voltage, the control and the 
induction motor drive, Figure 1. The EV dynamics 
takes into account all the forces on the EV, and it is 
possible to observe the behavior under linear or angular 
acceleration, this behavior is important to compare 
the EV performance and the rated characteristics of 
the motor drive. The transmission is represented by 
a gain relation in order to simplify the system. And 
finally, the induction motor drive is modeled taking 
into account the inverter and the induction motor. 

2.1.  Vehicle Dynamics 

The EV model is based on the mechanical and 
aerodynamical theoretical bases [13]. Figure 2 shows 
the different forces acting on the EV [4]. The equation 
(1) describes the EV dynamic, which is defined by the 
total traction force minus the road load forces acting 
on the EV.

			   ( 1 ) 

Figure 1. Block diagram of the EV drive system 
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Figure 2. Forces acting on the vehicle.

Equations (2) to (4) describe the opposed forces to the 
movement and the parameters considered for each one.

cosr rF f mg α= 				    (2)

21
2aF ACvρ= 					     (3)

gF mgsenα=  					     (4)

Therefore, the EV dynamic equation is given by:

21 cos
2t rm F mgsen ACv f mgdv

dt
α ρ α= − − − 	 (5)

2.2. Transmission system

One of the most important issues is the torque imposed to 
the electric motor. The EV total force (Ft) of equation (5) 
for linear speed, can be converted to the equivalent motor 
torque and the angular speed by means of a transmission 
system (G), Figure 3 shows simplified transmission. 

Angular speed (ω) in the electric motor can be related 
to linear speed (v) of the electric vehicle by (7) through 
the tire radius (r) and the transmission ratio. 

v G
r

ω = 					     (6)

In the same way, motor torque (τt) in the electric motor 
can be related to the total force (Ft) applied to the 
electric vehicle by (9) through the tire radius (r) and 
the transmission ratio (G). 

t
t

F r
G

τ = 					     (7)

From (5), the EV dynamic equation (8) can be obtained 
by introducing the equivalences given in (6) and (7), 

which is referred to the shaft of the electric motor. 
Equation (8) is given in terms of torque and angular 
speed. 

				  
(8)

 
Figure 3. Transmission system of an EV

Hence, the equivalent inertial moment (J) of the total 
mass of the electric vehicle can be given by (9), also 
based on the tire radius (r) and the transmission ratio 
(G).

2

2

m rJ
G

=
	

				    (9)

Also, equivalent expressions of forces acting on the 
vehicle can be deduced by multiplying by r and divided 
by G. 

2.3.  Induction motor drive 

Important researches about electric motors have been 
reported in literature [20,21]; however, the induction 
motor remains an interesting alternative with a lot of 
control strategies as proposed in [17]. So, an induction 
motor drive is developed in this work. The motor drive 
system consists of an induction motor (IM) and a 
source voltage inverter with space vector modulation-
SVPWM. 

The inverter circuit consists of three legs with two 
current bidirectional switches (IGBT-diode); Figure 
4, which is connected to the induction motor by the 
ABC terminals. 
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Figure 4. EV drive system.

VCD represents the dc link voltage of the inverter. The 
three phase voltages needed to supply the induction 
motor is obtained from ABC output terminals of the 
inverter and by SVPWM gate signals of the switches 
(IGBT). A mathematical representation of the inverter 
is given by (10)  [22]. The phase voltages VAN, VBN 
and VCN are dependent of dc link voltage (VCD) and 
the modulation signals ma, mb and mc. The modulation 
signals ma, mb and mc can be only values of 0 or 1, 
which indicate 0 the switch is opened and for 1 the 
switch is closed. 

2 1 1
1 2 1

3
1 1 2

AN a
CD

BN b

CN c

V m
VV m

V m

− −     
     = − −     
     − −     

		  (10) 

Figure 5 shows the equivalent circuit of a squirrel 
cage induction motor (IM). The equivalent circuit of 
the IM is composed of three phases represented by 
three L-R circuits, for stator and rotor, connected in a 
Y arrangement. 

Figure 5. Electric diagram of IM

Each winding produces a magnetic flux, voltages and 
currents are represented by as, bs, cs (stator), ar, br and 
cr (rotor). The angle of the magnetic axes of rotor and 
stator of the same phase represents the angular position 
of rotor θ and the angular speed by ω.  Figure 5 shows 
electric diagram of the IM, this diagram is used in order 
to obtain the mathematical representation of the IM.

Based on the analysis of the electric diagram of IM, 

the stator and rotor behavior can be represented by 
(11) and (12):

			   (11)

			   (12)

Where the flux linkage λ for a linear magnetic system 
is defined by (13) 

,					     (13)

Hence, the relation between the position and angular 
speed of the rotor is given by expression (14).

					     (14)

And the equation (15) represents the electromagnetic 
torque, which is dependent in the number of poles (P), 
the stator currents (iabcs). 

( ) [ ]L
2

T
e abcs sr abcr

r

P i iτ
θ
∂  ′ ′=   ∂   			   (15) 

Where: 

Lsr msL M′ = ⋅   					     (16a)

	

(16b)

				    (16c)

The electromagnetic torque is an important parameter 
to define the power specification of the electric motor  
in order to achieve the dynamic imposed  by the vehicle. 
If no other torque is considered then τt=τe.

The modeling process developed is carried out for 
each subsystem with the equations (2-4) and (7-16c), 
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which represent the electric vehicle. The subsystems 
of the EV are the induction motor, inverter, powertrain 
of the vehicle, controller strategy, among others, 
which are implemented in Matlab/simulink in blocks 
[23-24]. The developed models are implemented 
with Simulink tools or “S” functions according to the 
particular requirements of the model. This allows the 
subsystem models to be used in other applications. 
The inter connection of the model subsystems is 
possible by defining the input and output variables for 
each subsystem; for example the model of the electric 
vehicle and the induction motor (IM) is connected by 
the electromagnetic torque (τt =τe). The three phase 
power supply of the IM is generated by a mathematical 
function given by (10), which consider voltage level 
VCD that represents the storage system, such as batteries.

3.  TEST BENCH OF EV EMULATOR

The design methodology of the test bench has been 
focused on the reproduction of the EV dynamics close 
to the real application. Two approaches of analysis 
have been taken into account in this methodology: 
a) the simulation of an EV by the implementation of 
a mathematical model and b) an experimental way 
using a test bench implementation, which is controlled 
by a Digital Signal Processor (DSP). The EV model 
developed is close to the real application with a great 
flexibility to modify all the parameters of the EV. 
However, in spite of having a test bench close to the real 
application, the parameters to be changed are limited by 
the natural configuration of the test bench. However, 
flexibility of variation is possible in the moment of 
inertia (J), variation of the equivalent forces acting on 
the EV (represented by torques) and also the flexibility to 
investigate different types of control strategies. Once the 
analysis of the dynamic movement of the electric vehicle 
has been defined, the EV test bench can be designed 
from the mathematical representation obtained, Figure 6.

Based on the equation (8) the dynamic of movement 
of the EV can be emulated by the proposed test bench, 
which is composed of an inertial flywheel and a DC 
machine. The flywheel can emulate the dynamic 
behavior of the EV through the moment of inertia (J), 
which represents the equivalence of the mass of the 
EV.  The forces acting on the EV (Fg, Fa and Fr) are 
represented by the equivalent torques referred to the 
motor shaft (τg, τa and τr) 

				  
(17)

Figure 6. EV test bench

In order to achieve the emulation of the EV by the 
proposed test bench, some considerations have to be 
taken into account:

a)  A transmission ratio (G) has to be included to have 
a relation of angular speed-torque in the IM to the 
EV tires. It is possible with two pulleys in the IM 
shaft and the tires shaft, which are interconnected 
by a transmission band.

b)   The moment of inertia and the torques have to 
be affected by a scaling factor (Rt) in order to 
reproduce the dynamic of a particular EV of interest. 
This can be defined by the rates of the motor power, 
the EV of interest and the motor of the test bench. 

2m

m

P Rt
P

= 					     (18)

The torque emulation is possible using the DC machine. 
Firstly, it is necessary to identify the different terms from 
the dynamic equation (8) of the EV. Secondly, the dc 
machine model is analyzed to define the parameters to be 
controlled in order to match torques defining the forces 
acting on the EV. The torques can be emulated with the dc 
machine operating as a generator with a separate dc power 
supply to the field windings. A load has to be designed in 
order to emulate the different torques desired. 

1)  Torque due to the road resistance force (τg)

This torque can be emulated by the dc machine, as 
it can be seen, this kind of torque is a constant value 
depending only of constant coefficients.
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Vehicule Test bench

r
JGg αsin

2)  Torque due to the aerodynamic resistance force (τa)

This kind of torque is dependent on the angular speed 
(ω) or linear speed and also can be emulated by the 
dc machine.

Vehicle Test bench

3

33

2G
ACr ωρ

3)  Torque due to the rolling resistance force (τr). 

This torque is defined by constant parameters and is 
easily emulated by a dc machine, it depends on the angle 
(α), if α is constant, this torque remain constant too. 

Vehicle Test bench

r
JGgf r αcos

Analysis and design of torques

In order to correctly emulate the above mentioned 
torques, it is important to consider the DC machine 
model. So the torque of the dc machine (τL) has to be 
equal to the torques due to the forces acting on the EV 
(τg, τa and τr). Therefore:

	
(19)

In order to simplify (19) a substitution can be made. 
Hence,

2cossin ωαατ XZYL ++= 			   (20)

where:  
𝐽𝐽𝐽𝐽𝐽𝐽(𝑅𝑅𝑅𝑅)

𝑟𝑟
= 𝑌𝑌 

, 
𝜌𝜌𝜌𝜌𝜌𝜌𝑟𝑟3

2𝐺𝐺3 (𝑅𝑅𝑅𝑅) = 𝑋𝑋 
, 
𝐽𝐽𝐽𝐽𝐽𝐽𝑓𝑓𝑟𝑟
𝑟𝑟

(𝑅𝑅𝑅𝑅) = 𝑍𝑍 
 .

The DC machine torque (τL) is given by (21), 

					     (21)

But considering  Laf and  IF as constants, then (21) can 
be simplified replaced by (22), 

					     (22)

Equations (20) and (22) are equaled and Iar is given by,

𝐼𝐼𝑎𝑎𝑎𝑎 =
𝑌𝑌𝑌𝑌𝑌𝑌𝑌𝑌𝑌𝑌 + 𝑍𝑍𝑍𝑍𝑍𝑍𝑍𝑍𝑍𝑍 + 𝑋𝑋𝜔𝜔2

𝐾𝐾
 			   (23)

In equation (23), the current Iar is the parameter that can 
be adjusted for defining the three terms of the left side 
of the expression (23). However, (23) has two constant 
terms that can be reduced to one constant term and the 
other term depends on the angular speed (ω).

The term Iar can be adjusted using a commutation 
(converter with current input). Figure 7 shows the 
proposed circuit configuration. According to the circuit 
of Figure 7, the following analysis can be done in order 
to define Iar. Two parameters are introduce Rload and 
duty cycle D

( )1load arI I D= − 					    (24)

( )1a load arV R I D= − 				    (25)

( )1
a

ar
load

VI
R D

=
−

				    (26)

The armature voltage can be given by (27), under 
constant excitation and considering the armature 
resistance ar to be negligible.

aV K ω=  					     (27)

Figure 7. Circuit proposed to emulate the EV forces.

By substituting (27) in (23), the expression (28) can 
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be obtained. It is interesting to carry out an analysis 
in order to optimize the Rload value and the modulation 
of duty cycle D by defining a signal reference for D. 

( )
2cos

1ar
load

K Ysen Z XI
R D K

ω α α ω+ +
= =

− 		  (28)

( )( )
2

2cos 1load
KR

Ysen Z X D
ω

α α ω
∴ =

+ + −
		

(29)

Figure 8. Simulation result for Rload behavior versus 
angular speed (ω) for D=0

Figure 8 shows a simulation varying Rload with D=0. 
This situation is a limiting condition and the current only 
depends on the Rload and the angular speed with constant 
parameters of the EV. The Rload value is selected to be a 
value within the rated characteristics of the dc machine 
(voltage and power). In a practical implementation, Rload 
cannot vary continuously. For this reason Rload is defined 
to be 500 Ω. This value allows the angular speed to be 
varied from zero beyond the nominal speed (Figure 9). 
This Rload only depends on angular speed and the electric 
vehicle parameters. Equation (30) gives the duty cycle 
(D) as a function of the forces acting on the EV. Equation 
(30) is obtained from (28) for a given Iar, it is possible to 
follow the dynamic behavior of the EV.

Figure 9. Simulation result for duty cycle behavior versus 
angular speed (ω) for Rload = 500 Ω

Figure 9 shows the evolution of duty cycle D when 
angular speed (ω) varies from zero to the rated speed. 

( )
2

2
1

cos load

KD
Ysen Z X R

ω
α α ω

∴ = −
+ + 		

(30)

Finally, the EV test bench has been implemented 
according to the design considerations taken into 
account; Figure 10 shows the test bench implementation. 

Figure 10. Test bench implementation

4.  SIMULATION RESULTS

Now, some simulations are presented for three different drive 
cycles: 1) City, 2) Road, and 3) under extreme conditions. 
The results obtained, about instant power and energy, allow 
the test bench characteristics to be  designed and defined.

Figure 11. EV city drive cycle 

1) City drive cycle

The energy calculated for a city drive cycle is 0.78 
MJ at 1400s, this energy allows to design the minimal 
capacity of battery bank. 
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2) Road  drive cycle

The energy consumption for this type of drive cycle is 1.2 
MJ at 800s. Proportionally, this result shows that the energy 
consumed is greater than in the city drive cycle. This is 
due to the different driving conditions imposed on the 
EV, the recovered energy during regenerative braking for 
road driving conditions is lower than the city drive cycle.

3) Simulation under extreme conditions 

The energy consumed for a single cycle defined in 
Figure 15 is of 34 KJ. In order to compare the energy 
consumed in this case with the two cases presented 
before is necessary to consider the same time of driving.

For a case of 800s, the cycle mentioned before has to 
be repeated  20 times, so the total energy consumed is 
0.680MJ. The recovered energy is 15 KJ by cycle, so the 
total recovered energy during the drive cycle is 0.3MJ.

Figure 12. Energy for a city drive cycle

Figure 13. Road drive cycle of EV

Figure 14. Energy of road drive cycle

Figure 15. Linear speed of EV for cycle

•	 During a road drive cycle the power imposed by the 
EV remains almost constant and its value depends 
on the speed reached. Under these drive conditions, 
due to the few regenerative brakes, the consumed 
energy depends mainly on the speed of the EV.  

•	 The city drive cycle imposes to the EV several 
repeated accelerations-decelerations (1.5m/s2), 
which allows to recover additional energy. During 
this drive cycle is important to impose an adequate 
control of the braking in order to maximize the 
available energy to be recovered. 

•	 The proposed drive cycle is designed in order to be 
used under different driving conditions. The way to 
design this drive cycle is possible from an analysis 
of the EV dynamics based on the instant power, 
the average power, and the energy. From the above 
information, it is possible to define a hard or soft drive 
cycle in order to select the rated power of the motor. 



Alcalá et al / Dyna, year 81, no. 183, pp. 86-96, February 2014. 94

Figure 16. Energy consumed for the cycle proposed

5.  EXERIMENTAL RESULTS

The experimental results have been obtained for the 
parameters given in Table 1; these parameters represent a 
typical EV of 1600Kg. An interesting test bench characteristic 
is the possibility of changing the parameters to correctly 
reproduce the behavior of the EV. Experimental results 
show the emulation of EV dynamics for different conditions. 
The phase current before a deceleration is shown in Figure 
17. Figure 18 shows the phase current before and during 
EV acceleration. An increase of current can be observed 
due to the inertial mass of the vehicle (), which demands 
additional power during the acceleration or deceleration 
period. This requires an increase of the instant power, as a 
consequence the torque demanded from the induction motor 
(τL) is increased. During the deceleration period regenerative 
braking is possible, so an amount of energy can be recovered 
and stored to be used during the acceleration period. This 
can increase the autonomy of the EV.

Table 1. Parameter values of EV and Test bench
Parameters/Coefficient Value

Electric vehicle (EV)
m: EV mass 1600 Kg
C: Aerodynamic drag coefficient 0.42
R: Tire radius 0.32 m
fr: Rolling resistance force 0.008
G: Transmission ratio 12.8
A: Area 2.2 m/s2

J : EV equivalent  inertia (or Je) 0.2467 kg m2

Motor
Pm: Rated power of motor 3 hp (2.24 kW)
τe: Rated torque 12 N-m

Parameters/Coefficient Value
ω: Rated angular speed 1800 rpm
Vs: Stator rated Voltage 230 V
Is: Rated current 8 A
ηm: Efficiency 89.5 %

Drive
ηI: Inverter efficiency 90 % 
IGBT: Module CM100DU-24HB 1200 V/100 A
Vdc:  dc voltage (26 batteries) 312 V

•	 Battery voltage 12 V
•	 Battery capacity 12 Ah
•	 Total Energy 13.48 MJ

Figures 17 and 18 show the correct dynamic emulation 
of the EV by the test bench. In Figure 19, it can be 
observed that the mechanical speed of the motor 
correctly follows the dynamic of the speed imposed 
by the reference control signal.

5.  CONCLUSIONS

A methodology to analyze the EV dynamic based on 
simulation and experimentation has been proposed in this 
paper. The mathematical analysis allows a model to be 
developed and a test bench to be designed based on typical 
EV parameters. The test bench implemented can emulate a 
scaled EV. The equivalences between a real and the scaled 
EV, can be from the EV dimensions or from the capacity 
of the motor. The acceleration curves of the EV and the 
test bench motor have been presented; these curves show 
the demands of power, torque and energy to be taken into 
account to define the EV design considerations, such as 
specifications of the motor, converters, and others elements. 
Also, the necessary energy to handle the EV during a drive 
cycle can be used to design the battery bank. 

The results obtained with the test bench and by simulation 
give a more complete and detailed information for the 
design. The tool proposed allows the EV dynamic to 
be studied by simulation varying the parameters and 
conditions with wide flexibility. These results can be 
validated with the experimental test bench tool. The 
EV has been correctly emulated by the test bench under 
different operating conditions (starting, cruising speed 
and braking). It is important to mention that the proposed 
test bench considered improves the EV behavior, which 
is close to real EV applications. 
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Figure 17. Phase Current during deceleration (1800 to 

1200 RPM)

Figure 18. Phase Current during acceleration (1200 to 
1800 RPM)

 
Figure 19. Motor speed and reference speed in 

acceleration
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ABSTRACT: The anticorrosion performance of an Epoxy-Mastic organic coating was evaluated during continuous immersion in saline 
solution using electrochemical impedance spectroscopy (EIS). The typical parameters of pore resistance and charge transfer resistance 
were determined employing an equivalent electric circuit. Constant phase elements (CPE) were used in order to determine fraction of water 
absorbed, mass diffusion, solubility and the swelling coefficients, as well as to predict the failure times of the coating. The results found by 
EIS measurements match very well with the high resistance to deterioration exhibited by the coating. It was also found that the excellent 
protection performance of the coating was mainly due to low water solubility and low permeability. 

Key words: Organic coatings, electrochemical impedance spectroscopy, water diffusion, delaminated area, failure time prediction.

RESUMEN: El desempeño anticorrosivo de un recubrimiento orgánico tipo Epoxy-Mastic fue evaluado en condiciones de inmersión 
continua en solución salina usando espectroscopía de impedancia electroquímica (EIS). Se determinaron los parámetros típicos como la 
resistencia de poro y resistencia a la transferencia de carga usando un circuito eléctrico equivalente. Se usaron elementos de fase constante 
(CPE) para determinar la fracción de agua absorbida, coeficientes de difusión de masa, solubilidad y coeficientes de hinchamiento, así como 
también para predecir los tiempos de falla de dicho recubrimiento. Los resultados hallados por medio de medidas EIS concuerdan con la 
alta resistencia al deterioro que exhibe el recubrimiento. El excelente desempeño protector es debido principalmente a la baja solubilidad 
y permeabilidad de agua. 

Palabras clave: Recubrimientos anticorrosivos, espectroscopía de impedancia electroquímica, difusión de agua, área delaminada, 
predicción de tiempos de falla. 

1.  INTRODUCTION

Two decades ago Haruyama [1] proposed a method 
for calculating the deterioration of organic coatings 
exposed to a corrosive environment using the equivalent 
circuit shown in Fig. 1. Haruyama’s methodology 
phenomenologically explains the processes that occur 
inside organic coatings when they are exposed to 
an electrolyte and when there are minor defects or 
imperfections, such as small pores, in the coating. The 
Randles circuit (Fig. 2) has been used extensively to 
evaluate organic coatings that exhibit highly capacitive 

behavior or to evaluate pore-free coatings. However, 
the Randles circuit becomes useless after a few hours 
of continuous immersion because new time constants 
in the impedance spectra may appear. A complete 
description of each of the passive elements making up 
the two circuits shown in Fig. 1 and 2 can be found in 
numerous sources [2, 3]. The coating resistance (RC) is 
closely related to the state of the coating, its additives 
or pigments, porosity and type of resin. The coating 
capacitance (CC) is associated with the amount of 
water absorbed during the initial stages of exposure to 
the electrolyte [4]. The charge transfer resistance (Rct) 
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is directly related to the susceptibility to corrosion of 
the substrate and theoretically is the most appropriate 
parameter for measuring the protective properties of the 
coating [5]. The double layer capacitance (Cdl) is almost 
unanimously associated with the delaminated area of 
the coating [2]. When the diffusion process is shown 
in the impedance spectrum, the use of the Warburg 
impedance (Zw) is normally accepted in order to give 
a physicochemical explanation to these processes [6].

 
Figure 1. Equivalent electrical circuit used by Haruyama 
to explain the deterioration of a barrier organic coating 

using electrochemical impedance spectroscopy [1]

 
Figure 2. Randles circuit commonly used to simulate the 

electrochemical impedance of a defect-free barrier coating

2.  THEORETICAL TREATMENT

The five EIS parameters described above have been used 
to evaluate the protective properties of organic coatings 
and even obtain empirical correlations [7-9]. However, 
when it is desired to adjust the EIS response using these 
passive elements of the equivalent circuit, in most cases, 
the fit is poor due to lack of uniformity in the coating 
or in the substrate [10]. Additionally, other phenomena 
can reduce the quality of the experimental EIS fit, for 
example geometrical effects such as polymer swelling 
[11], non-Fickian diffusion or variations in the time 
constants related to the corrosion processes. A commonly 
used alternative to reduce fit problems is to use constant 
phase elements (CPEs) instead of pure capacitances. It 
has been suggested that the existence of a distribution of 
relaxation times is the cause of CPEs [12]. A CPE can be 
thought of as an imperfect capacitor and allows a better fit 
of the experimental impedance when there is a flattening 
of the semicircle represented in the Nyquist plot [10, 13, 
14]. According to Eq. 1, CPEs provides two terms: the 
pseudo-capacitance (Y0) and an exponential constant (n).

( )
0

nj
Z

Y
ω −

=  					     (1)

In many cases the pseudo-capacitance can be 
represented as a simple capacitance (occurring when n 
= 1 since there is an absence of deviations from ideality 
in a perfect capacitor, i.e. there are no interferences 
caused by factors already cited). When equations 
and empirical relationships are used it is necessary to 
perform a conversion that enables the computation of 
the actual capacitance from a simulated CPE. This can 
be done with Eq. 2 [15]. 

( ) 1
max

n
c cC Y ω −= 				    (2)

Now, considering ωmax = 1/RC, where ωmax is the 
frequency of the local maximum in imaginary region 
obtained from the Nyquist diagram, the actual 
capacitance can be calculated with Eq. 3.

( )
1
n

c
c

Y R
C

R
= 					     (3)

Using the above relationships, several methods 
have been developed to evaluate the performance of 
organic coatings, as well as correlations and methods 
derived from the parameters obtained by the use of 
the circuit proposed by Haruyama (Fig. 1). One of the 
most popular methods for evaluating the performance 
of organic coatings, but also subject to substantial 
restrictions, is the breakpoint frequency method. This 
method, initially proposed by Haruyama [1], describes 
the relationship between the delaminated area and the 
total area of the sample, in accordance with Eq. 4 and 5.

0  d
b b

Af f
A

= 					     (4)

					     (5)

Where Ad and A are the delaminated area and the 
total area of the substrate, respectively. fb

0 is the 
proportion constant, which can be obtained from Eq. 
5. ρ is the electrical resistivity of the coating. ϵ is the 
relative electric permittivity and ϵ0 is the vacuum 
electric permittivity (8.86×10-14 F/cm). The breakpoint 
frequency can be obtained by performing a scan at high 
frequencies and is located exactly at the point where 
the phase angle falls for the first time to 45° [1].
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One of the first approaches when studying the lifetime 
of an organic coating using electrochemical impedance 
measurements is to determine the time to failure of the 
coating. This is the time after which the coating no 
longer offers significant protection against corrosion. 
Eq. 6, obtained by Bierwagen [16], makes it possible to 
establish the time after which a coating fails, according 
to an arbitrary failure impedance value.

0ln m
fail

fail m

Z Z
t

Z Z
θ
  −
  =

 −   

			   (6)

Where |Z|m is the impedance modulus of the substrate, 
|Z|0 is the initial coating module and θ is considered as the 
characteristic decay time of the material. The difficulty 
of this method is in establishing a real value for |Z|fail 
from which it can be assumed that the coating has lost its 
protective properties. The impedance module used in this 
equation must be taken at a low experimental impedance 
frequency range, generally between 1×10-3 and 5×10-3 

[16]. A coating is usually considered to have inadequate 
protection when the charge transfer resistance exhibits 
values below 106 ohm [10]. 

All organic coatings are somewhat permeable. 
This permeability may worsen with the addition of 
certain types of pigments, for example zinc powders, 
producing a significant reduction in the barrier property. 
However, there is an increase in the corrosion resistance 
of the coatings after prolonged periods when coating 
has a pigment volume concentration (PVC) greater 
than 60 [17]. The absorbed water content is of special 
interest since once the polymer has been saturated with 
water, even in the absence of electro-active species, the 
occurrence of corrosion phenomena, swelling, loss of 
adhesion and deterioration of mechanical properties of 
the coating are significantly enhanced. Furthermore, it 
has been found that the diffusion of water controls the 
start time of delamination and consequently the loss 
of protective capacity [18, 19]. 

The parameter most related to the amount of water 
absorbed is the coating capacitance, (CC), expressed as:

					     (7)

Coating capacitance is directly related to the electrical 
permittivity of the medium ( ), the permittivity of the 

vacuum ( ), the coating area (A), and the thickness 
of the coating (d). When the absorption process starts, 
coating capacitance changes due to the incorporation 
of water molecules. Water has a relative permittivity 
of 80, while the resins used in anticorrosive coatings 
have permittivity value typically in the range of 2.5 to 
10. Therefore, the more water absorbed, the greater 
the capacitance.

Brasher and Kinsgbury [20], in their widely cited 
research, proposed a relationship to calculate the 
amount of water absorbed. This relationship is shown 
by Eq. 8.

( ) ( )( )0log /  

 log80
c t c

v

C C
X = 			   (8)

Where vX  is the fraction volume of absorbed water, 

and Cc(t) and Cc(0) are the capacitance of the coating at 
a given time and at the initial time, respectively. To 
make use of this expression it is necessary to fulfill 
several requirements, such as the absence of swelling 
in the coating, homogeneous distribution of the water, 
and absence of polar solvents. Additionally, the fraction 
of water absorbed must be relatively small [21]. 
Furthermore, it has been numerically shown that the 
values reported with this equation differ considerably 
from gravimetric data [22]. If the above conditions are 
satisfied, mathematical expressions may be obtained 
for calculating the diffusivity of the water using the 
relationship proposed by Brasher-Kingsbury. Eq. 9 for 
example, can be used to calculate water diffusivity [18], 
whereas more complex correlations can be used to 
obtain the swelling coefficients, such as Eq. 10 [11, 
23]. 
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As previously mentioned, Cc(0) and Cc(t) are the initial 
coating capacitance and the coating capacitance at a 
given time, respectively. Cc(∞) is the capacitance of water 
saturated coating, i.e. when the capacitance does not vary 
significantly with time. D is the diffusion coefficient of 
water in the coating. L and SCc are the thickness and 
swelling coefficient of the coating respectively.

The solubility (S) and the permeation coefficient (P) 
can be calculated with simple relationships expressed 
in Eq. 11 and 12 respectively. These parameters are 
usually employed for comparison purposes.

( ) ( )0log /
log80

c c
w w

c

C CVS
V V

ρ ρ∞∞

∞

= × = ×
+

	 (11)

P D S= × 					     (12)

Where ρw is the water density in kg.m-3 and V∞ and Vc 
are the volume occupied by the water to infinite time 
and the volume of the dry coating respectively.

2.  MATERIAL AND METHODS

Carbon steel specimens were prepared by sandblasting 
to white metal grade SP-3, followed by washing with a 
mixture of ethanol/water and degreasing with acetone 
before applying the organic coating. The steel samples 
were painted with a commercial high solids epoxy 
mastic coating by spraying. In order to facilitate the 
coating application, 30% v/v of solvent was added. 
Table 1 shows general characteristics of the coating. 
Additionally, the coating was characterized by Micro-
Raman Spectroscopy (Micro-Raman, HoribaJovinYvon), 
in order to corroborate the coating composition. As can be 
seen in Raman spectrum shown in Fig. 3, the characteristic 
vibration bands related with polydiphenylsiloxane [24], 
titanium dioxide (rutile phase) as pigment [25] and epoxy 
compounds [26] appear in the Raman spectrum. This is in 
agreement with information presented in Table 1.

Table 1. General characteristics of the studied coating

Coating Epoxi Mastic Polysiloxane
Chemical nature Epoxy-silicone hybrid
Catalyzer Organosilane
Pigments TiO2, CaSiO3, Silica
Solid Volume 93 % (Catalyzed)

Figure 3. Raman spectra of mastic epoxy coating

Before the test, the painted specimens were kept in a 
natural dry room for 4 weeks to achieve a convenient 
curing and drying of the coating. The average thickness 
of the coatings dry film was 172 ± 19 microns. The 
painted steel coupons were exposed in continuous 
immersion in a 3% NaCl solution (0.5M NaCl) for 
about 440 days. The protective properties of the coating 
and corrosion phenomena were evaluated by measuring 
open-circuit potential and electrochemical impedance 
over time, following visual inspection. Electrochemical 
tests were conducted with a conventional three 
electrode cell, using the painted samples (38.5 cm2 
exposed area) as the working electrode. A saturated 
calomel electrode (SCE) and Pt plate were used as 
reference and counter electrodes respectively. The 
impedance measurements were performed at open 
circuit potential in a frequency range of 40 kHz to 3 
mHz, using a perturbation amplitude of 10 mV. An 
AUTOLAB PGSTAT-30 potentiostat/galvanostat was 
used.

3.  RESULTS AND DISCUSSION

Fig. 4 shows the Nyquist and Bode plots of impedance 
measurements of epoxy mastic coating taken during 
441 days of continuous immersion in 0.5 M NaCl 
solution. The excellent performance and the efficient 
barrier protection at the beginning of the test can be 
clearly seen, as practically all diagrams consist of an 
open capacitive loop, with impedance values of 1010 
ohm.cm2. The capacitive loop tends to lean toward the 
real axis as the time of immersion increases, which 
means diminishing of the coating resistance and 
increases of capacitance due to electrolyte permeation. 
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Fig. 5 presents the evolution of the resistances related 
to the coating/metal system. The coating resistance (RC) 
and charge transfer resistance (Rct) tend to fall during the 
first days of immersion as a result of the absorption of 
water and the establishment of oxy-reduction reactions 
at the metal-electrolyte interface. However, this process 
seems to stop after 100 days of immersion since the 
charge transfer resistance tends to stabilize after this 
time. The modulus of the impedance follows the 
behavior of the charge transfer resistance more closely 
than the resistance of the coating. This suggests that 
the evaluation of the general anticorrosive performance 
of the coating should be done preferably by assessing 
the behavior of the (Rct) during the evaluation time. It 
can be seen (Rct) does not fall below a protection level 
value of 106 ohm.cm2. at any time and that (RC) is also 
maintained high, although with a tendency to decrease. 
It was confirmed visually that there were no defects 
such as blistering, delamination, cracking or corrosion.

Figure 4. Electrochemical impedance spectra of epoxy 
mastic coating at different times of exposition in 3% NaCl 

solution: (A) Nyquist plots. (B) Bode plots

The open circuit potential (OCP) vs SCE values are 
presented in Fig. 6. A rapid evolution of (OCP) to anodic 

values was observed, from -250 mV in the first days of 
immersion up to -0.02 mV after 100 days, from then 
on the potential remained almost constant at -0.02 mV. 
The progressive increase of the OCP and stabilization 
in anodic values is consistent with that observed in the 
evolution of the (Rct), which tends to remain constant 
after 100 days of exposure. The progressive increase 
of the OCP and its subsequent stabilization at positive 
potentials indicates the existence of an anodic control of 
the oxidation-reduction process on the metal substrate 
and the anodic area decreases as a result of the barrier 
imposed by the polymeric coating. Because of the high 
barrier property of the coating against the diffusion of 
oxygen molecules and the passage of the electrolyte, a 
cathodic control, which is commonly observed in the 
initial stages of the under-film corrosion process [27], 
is not present.

Figure 5. Evolution of coating resistance (RC), charge 
transfer resistance (Rtc) and impedance module at 12 mHz  

(|Z|12mHz) of epoxy mastic coating at different times of 
exposition in 3% NaCl solution

3.1.  Delaminated Area

One of the most cited methods for delaminated area 
calculation is the breakpoint frequency method [1]. 
As mentioned in the introduction section of this 
work, to properly use this method the experimental 
measurements must match the impedance of the circuit 
of Fig. 1. Furthermore, the two time constants associated 
with the coating and the metal-coating interface must 
appear sufficiently spaced to allow the direct reading 
of the breakpoint frequency from the phase diagram. 
In this study, even though the experimental data fits 
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very well with the impedance of the electrical circuit 
using constant phase elements, the separation between 
the two time constants of the phenomena is not clear 
and the breakpoint frequency is not easily detected. For 
this reason the aforementioned analysis method is not 
suitable for the quantitative evaluation of the coating 
deterioration and coating delamination.

The inability to evaluate the anticorrosion performance 
of intact coatings by the breakpoint frequency method 
has previously been reported by Pistorius [28]. Pistorius 
establishes that intact coatings only show one time 
constant in the impedance spectrum or two time 
constants very close to each other. According to the 
Haruyama postulation, for a clear observation of the 
two time constants, the relationship CC.RC << Cdl.Rtc 
must be satisfied. This situation prevents the accurate 
determination of the breakpoint frequency value.

 
Figure 6. Open circuit potential vs SCE of epoxy mastic 

coating at different times of exposition in 3% NaCl 
solution

3.2. Failure time determination

The time to failure of the coating (tfail) was calculated 
once parameter θ was known. The θ parameter can 
be easily obtained from Eq. 6 and by performing a 
linear regression of the impedance module (when f 
→ 0) versus immersion time. It was necessary to use 
a minimum frequency of 12 mHz to calculate the 
impedance module, since this is the lowest frequency 
that can be attained without data dispersion. The |Z|m 
value must be negligible compared to |Z|fail. After 
completing the regression process, a slope of 1/θ = 
0.01058 was obtained, which corresponds to θ = 94.5 

days. Upon defining a failure impedance of 9.9×106 
ohm.cm2, i.e. when the resistance of the system drops 
to the range of minimum protection (106 ohm.cm2) [10, 
29], the failure time found was tfail = 851 days. This 
result is the predicted time from which the coating 
would not be expected to offer enough corrosion 
protection to the substrate under immersion conditions 
in 0.5 M NaCl solution, and coating damage signs 
would be observable. The experiment performed in 
this study was carried out for about 441 days. Neither 
coating damage nor signs of corrosion were observed 
during this time, as predicted by the Bierwagen 
expression [16] and experimentally corroborated using 
electrochemical impedances and visual inspection.

3.3. Fraction of water absorbed and diffusion 
coefficients for the Fick process

The calculation of the fraction of water absorbed Xv was 
performed using the Brasher and Kinsgbury expression 
[20], as can be seen in Eq. 8. The real coating capacitance 
(CC) was calculated from the pseudo-capacitance (YC) 
and CPE values using Eq. 3. Fig. 7 shows the variation 
in the fraction of absorbed water (Xv) and the pseudo-
capacitance (YC) during the immersion of metal coated 
samples in 0.5M NaCl solution. It can be seen that 
even after 441 days of immersion, no stabilization of 
the fraction of water absorbed is reached. Therefore, it 
can be said that complete water saturation of the epoxy 
mastic coating is not achieved. This corroborates the 
good performance of the barrier and anticorrosion 
properties of the coating, as the barrier properties are 
shown to persist longer than 400 days of immersion. 
The variation of the CPE exponential term for coating 
capacitance (nc) over time is shown in Fig. 8. It can be 
seen that the value of nc remains relatively constant 
during the first 120 days of immersion, indicating 
that there is little geometric variation of the polymer 
during immersion. This is due to the occurrence of low 
water absorption into the polymer during this period of 
time. After 120 days of immersion, a slight decrease 
of the nc value can be observed, reaching a final value 
of 0.94 at the end of the immersion (441 days). This 
means that geometrical change, due to swelling of the 
polymer caused by water absorption, is only observable 
at longer immersion times. The swelling of the coating 
caused by water absorption could imply significant 
changes in the model of electrolyte diffusion through 
the polymer. Therefore, this must be taken into account 
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for the calculation of the diffusion coefficient for longer 
immersion times, as discussed in the next section.

Figure 7. Coating pseudo-capacitance (YC), and water 
fraction (Xv) of epoxy mastic coating at different times of 

exposition in 3% NaCl solution

 
Figure 8. Exponential term nc associated with the coating 
CPE at different times of exposition in 3% NaCl solution

The diffusion coefficient of water was calculated using 
Eq. 9. By plotting the left side of Eq. 9 vs the square 
root of the immersion time a linear behavior can be seen 
during the first 100 days of immersion, see Fig. 9. This 
behavior corresponds to a Fick type diffusion of the 
water through the coating. The calculated diffusivity 
value was DAB = 1.91×10-15 m2/s. This diffusivity value 
is significantly lower compared to values reported 
for a conventional epoxy coating, which are in the 
range of 10-13 m2/s [11, 18, 30, 31]. However, the low 
diffusivity value obtained for the epoxy mastic coating 
during the early stage of immersion is in agreement 
with the excellent anticorrosion performance showed 

by the coating, even after 400 days of continuous 
immersion. In order to verify the complete water 
diffusivity property of the epoxy mastic coating, a 
second calculation considering the film swelling due 
to water absorption was carried out. This calculation 
considered the nonlinear diffusion mechanism (non-
Fickian diffusion process) shown by the coating 
during a longer immersion time. In addition, swelling 
and permeation coefficients of the coating can also be 
obtained.

3.4. Water diffusion coefficient for nonlinear 
behavior

The calculation of the non-Fickian diffusion and the 
swelling coefficients during water permeation into the 
coating was performed using Eq. 10. It was executed 
through a non-linear regression using the Levenberg-
Marquardt algorithm and truncation at the 8th term when 
the summation counter was n = 7. It was also observed 
that truncation at lower terms leads to similar results. 
The swelling coefficient is an indirect measure of the 
interaction between the incoming electrolyte and the 
polymer. The swelling coefficient of the polymeric 
coating can be related to the variations of impedance 
parameters such as capacitance and the exponent (np) 
during the time of exposure to a corrosive media. The 
diffusion coefficient obtained by non-Fickian diffusion 
behavior was DAB = 2.55×10-15 m2/s and the swelling 
coefficient was SCC = 3.22×10-12 s-1. It is important to 
highlight that the diffusion coefficients obtained by 
both linear and nonlinear methods give similar results. 
The low diffusivity and swelling coefficients obtained 
during the longer immersion period of the epoxy mastic 
coating is consistent with the excellent anticorrosion 
performance of the coating.

Using Eq. 11 and 12 it was possible to calculate the 
water solubility (S) and the permeation (P) coefficients 
of the epoxy mastic coating. The respective values 
were S = 65.6 kg.m-3 and P = 1.67×10-10 g.m-1.s-1. The 
permeation coefficient is relatively low compared 
to that observed for other polymer materials, which 
exhibit P values in the range of 10-8 g.m-1.s-1. Similarly, 
the water solubility coefficient of the epoxy mastic 
coating is also low compared to other polymers [32]. 
This may be the main reason why the coating has high 
barrier properties and high anticorrosion performance.
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Figure. 9 Coating capacitance and fitting (Eq. 9)

3.5. Evaluation of an intentionally caused defect on 
delamination

During immersion of the epoxy mastic coating in 
0.5M NaCl solution for 441 days, no visual signs of 
coating defects or corrosion phenomena were observed. 
However, due to the longer immersion time, some 
micro failures or micro blisters could have occurred, 
which if present would indicate the first stage of 
delamination. In order to verify if the electrochemical 
information of the metal/coating interface obtained 
from EIS measurements was correctly related with the 
anticorrosion coating performance, a small incision 
on the coating (0.2 mm x 5 mm) was made, as shown 
in Fig. 10. EIS measurements on coated samples with 
incisions were carried out during 14 h of immersion in 
0.5M NaCl solution. 

Fig. 10 shows photographs of coated samples with 
incision. As can be seen, no coating adhesion loss 
or increase in delamination area in the incision was 
observed. Fig. 11 shows Bode impedance diagrams 
of the coated samples with and without incisions at 
different immersion times. Unlike what was observed 
for samples without defects, which exhibited only 
one time constant, the impedance of the samples with 
incision exhibited two distinguishable time constants. 
The time constant at high frequencies can be related to 
the metal/electrolyte interface. The impedance modulus 
of this time constant is close to 10 kOhm.cm2. This 
value is what is normally found for the charge transfer 
resistance of the metal/electrolyte interface in corrosion 
processes. 

Figure 10. Coating photographs with incision at different 
times of immersion

The impedance modulus of the second time constant 
observed at a low frequency exhibits values close to 5 
MOhm.cm2. Clearly, these impedance modulus values 
cannot be related only with the coating but rather with 
metal corrosion processes under the coating near to 
the incision. 

 
Figure 11. Bode (A) and Phase (B) diagrams for the 

coating before and after a 5 mm incision
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When the coating has a defect, the overall impedance 
is related with the corrosion of the substrate, with 
impedance values 4 orders of magnitude lower than 
those observed in the absence of a defect. This result 
was confirmed when impedance measurements were 
taken of coated samples with the incision covered 
with paraffin. Paraffin completely covered the incision 
preventing electrolyte penetration in that area. The 
impedance values of the coating when the defect was 
covered with paraffin were similar to those observed 
in the defect-free coating, which indicates that the 
impedance actually follows the evolution of the 
coating defects. In addition, these results indicate 
that the separation of time constants in the impedance 
diagrams does not necessarily imply loss of adhesion 
of the coating or the onset of delamination. Therefore, 
the breakpoint frequency method for calculating the 
delaminated area from impedance diagrams, in those 
cases where it is possible to implement it, would be 
more suitable for calculating the percentage of the 
defective area than the delaminated area.

5.  CONCLUSIONS

The high anticorrosion performance of the epoxy 
mastic coating is due to its superior barrier property, 
which is caused by low water solubility and low 
diffusivity. During the evaluation of the anticorrosion 
performance of a polymeric coating by EIS, the 
modulus of the impedance follows most closely the 
behavior of the charge transfer resistance than the 
resistance of the coating, which suggests that the 
behavior of this parameter should preferably be taken 
into account when looking at the overall anticorrosive 
coating performance.

The breakpoint frequency method, which is useful 
when the two time constants are well differentiated 
and used traditionally for calculating the delaminated 
area, could be used to estimate the percentage of the 
defective area rather than the delaminated area in a 
coated sample.
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ABSTRACT: Zirconium hydroxide [Zr(OH)4] was synthesized by the sol-gel method using zirconium n-butoxide and 1-butanol as 
synthesis precursors. A part of the synthesized material was impregnated with phosphotungstic acid (H3PW12O40) in order to evaluate the 
effect of this dopant agent on the thermal, textural and structural properties of zirconium oxide (ZrO2). Pure and modified hydroxides 
were calcined in an air flow at 400, 500 and 600°C for 3 h and afterwards were characterized by thermal analysis, infrared spectroscopy, 
X-ray diffraction and nitrogen physisorption. Results showed that the interaction between the heteropolyanion and zirconium oxide 
surface produces a stabilizing effect of the crystalline structure and delays the drastic sintering of the material caused by the thermal 
treatment, obtaining high specific surface areas and small crystallite size for the modified zirconium oxides.      
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RESUMEN: Se sintetizó por el método sol-gel hidróxido de circonio [Zr(OH)4], utilizando como precursores de síntesis 
n-butóxido de circonio y 1-butanol. Una parte del material sintetizado se impregnó con ácido fosfotúngstico (H3PW12O40) para 
evaluar el efecto de este agente dopante sobre las propiedades térmicas, texturales y estructurales del óxido de circonio (ZrO2). Los 
hidróxidos puro y modificado se calcinaron en atmósfera dinámica de aire a 400, 500 y 600°C durante 3 h y posteriormente fueron 
caracterizados mediante análisis térmicos, espectroscopía de infrarrojo, difracción de rayos X y fisisorción de nitrógeno. Los 
resultados mostraron que la interacción del heteropolianión con la superficie del óxido de circonio produce un efecto estabilizador 
de estructura cristalina y disminuye la drástica sinterización del material causada por efecto del tratamiento térmico, obteniéndose 
altas áreas específicas y tamaños de cristal pequeño en los óxidos de circonio modificados.

Palabras clave: Óxido de circonio; Ácido fosfotúngstico; Estabilidad térmica; Área específica; Tamaño de cristal  

1.  INTRODUCTION 

Metal oxides are one of the most common and 
outstanding categories of solid catalysts. Most 
heterogeneous catalysts are composed of a support 
and an active phase [1]. Many industrial applications 
require supports or catalysts that combine high specific 
surface areas, a suitable porous structure that allows 
good reactant diffusion throughout the inner particles 
of the catalyst, as well as high thermal stability [2].

One metal oxide with applications in diverse science 
and engineering fields is zirconium oxide (ZrO2), one 
of the most important heterogeneous catalysts [3]. 
The great diversity of applications for ZrO2 is related 
to its acid-base and oxido-reductive properties [4], 
which allow it to behave as a catalyst in alkilation, 
isomerization, esterification, alcohol dehydration, 
combustion, hydrogenation reactions, among others 
[5-9]. One of ZrO2’s disadvantages is the sudden 
decrease of specific surface area during calcination 
due to a sintering process which occurs slowly when 
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increasing the thermal treatment temperature, and results 
in the decrease in pore volume and increase of average 
diameter [10]. During thermal treatment, ZrO2 is also 
subject to complete transformation from a tetragonal to 
a monoclinic structure when the calcination temperature 
reaches 600°C [11]. For zirconium oxide based materials 
it is important stabilize high specific surface areas 
and tetragonal structure, since these parameters are 
considered as promoters of the catalytic activity [12].

Since the early developments in the decade of 1970, 
chemical methods using the sol-gel route under different 
experimental synthesis conditions allowed suitable 
control of textural and structural properties in zirconium 
oxide [13]. During the last few years the application of 
new preparation methods as well as the combination of 
extreme critical drying techniques has resulted in high 
thermal stability, tetragonal structure and high specific 
surface area for this kind of materials [14-16]. In the 
same way it has been possible to stabilize the tetragonal 
structure of ZrO2 with high specific surface areas by 
means of adding dopant agents like sulfate (SO4

2-), 
phosphate (PO4

3-) and borate (BO3
3-) ions [17-19], as well 

as by the addition of metal cations especially: Mg2+, Ca2+, 
Sc3+, Y3+, La3+ and Ce4+ [2]. The amount of dopant agent 
required to stabilize the textural and structural parameters 
previously mentioned depends on the nature of the dopant 
agent and mainly on the preparation method. 

In previous works we have reported successful 
preparation of ZrO2 with high thermal stability, a 

defined tetragonal structure and high specific surface 
areas in the calcination temperature interval between 
400 and 600°C, using the sol-gel method and 15% 
weight of PO4

3- and BO3
3- ions as structure-stabilizing 

agents. The synthesized materials were active in 
alcohol dehydration and light paraffin isomerization 
due to their excellent acid properties [20, 21]. 

The aim of this work is to study the thermal stability 
that can be induced in zirconium oxide by impregnation 
of precursor hydroxide with a heteropolyacid, 
phosphotungstic acid (H3PW12O40), as well as its effect 
on specific surface area and crystalline structure.

2.  EXPERIMENTAL METHOD

2.1.  Material synthesis 

The synthesis of zirconium hydroxide [Zr(OH)4] was 
made by the sol-gel method as previously indicated 
[20]. The impregnation of Zr(OH)4 with the acid agent 
was performed by the incipient wetness method using 
a H3PW12O40/ethanol solution, adding the required 
volume of this solution to obtain a catalytic support with 
15% by weight of the dopant agent. Pure and modified 
hydroxides were dried at 100°C for 24 h and afterwards 
they were calcined under dynamic air atmosphere 
during 3 h at 400, 500 and 600°C. Taking calcination 
temperature and acid agent as reference, Table 1 lists 
the nomenclature used throughout this work.

Table 1. Nomenclature of synthesized materials
Material Calcination temperature (°C) Acid agent

Z400 400 ---
Z500 500 ---
Z600 600 ---

ZH400 400 H3PW12O40

ZH500 500 H3PW12O40

ZH600 600 H3PW12O40

2.2.  Characterization techniques

The characterization of synthesized materials was 
carried out by thermogravimetry, infrared spectroscopy, 
X-ray diffraction and nitrogen physisorption.

Thermal analyses were performed in the thermogravimetric 
instrument TA Instruments STD 2960 Simultaneous DSC-
TGA. The samples were analyzed under dry air flow (10 

mL/min) at a heating rate of 10ºC/min in the temperature 
interval from ambient up to 900ºC.

Infrared spectroscopy was carried out in a Fourier 
Transform Spectrometer (Perkin-Elmer Spectrum One) 
with transparent wafers containing the sample to be 
analyzed and KBr as a binder. Spectra were recorded 
at a resolution of 4 cm-1 and by co-adding 16 scans.
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The crystalline structure of zirconium oxides was determined 
in a Bruker Advance D800 diffractometer which used Cu 
Kα radiation (λ = 1.5406 Ǻ) and graphite monochromator 
in the secondary beam; the intensities of the diffraction lines 
were obtained in the range of 0-70° in the 2θ scale, with 
0.02° steps and 2.4 s per point. 

Nitrogen physisorption was used to determine the specific 
surface areas of the materials at the temperature of 
liquid nitrogen (-196°C) in a Quantachrome Autosorb-1 
instrument. Prior to the measurements, samples were 
outgassed at 350°C for 2 h. The specific surface area was 
calculated using the BET equation and the BJH method was 
used to calculate the average pore diameter and the pore 
volume of the samples. 

3.  RESULTS AND DISSCUSION 

3.1.  Thermal analysis 

By means of thermogravimetry, the physical and chemical 
processes developed in the synthesized zirconium 
hydroxides (Zr(OH)4 and Zr(OH)4-H3PW12O40) versus 
thermal treatment temperature were studied. 

Figure 1. TGA-DTA profiles of Zr(OH)4

In the thermogravimetric profile of Figure 1 that 
corresponds to Zr(OH)4, multiple-stage decomposition of 
material can be seen, with three important weight losses. 
The first one is recorded in the interval of temperature from 
ambient to 200°C, and is related with the evaporation of 
water and alcohol that remain from synthesis, occluded 
up to that moment in the material’s porous structure, in 
the curve of thermodifferential analysis such material 

releases are shown as endothermal signals near 50°C and 
200°C [10]. The second weight loss is detected in the 
temperature range from 200°C to 370°C and is attributable 
to the combustion process of residual organic matter, 
related with the exothermal signals located at 258°C and 
285°C in the thermodifferential profile. The last stage of 
weight loss recorded above 370°C could be related to 
de-hydroxylation of the material and the possible change 
of zirconium oxide from the amorphous to crystalline 
phase [10,22]; the thermodifferential analysis showed 
an exothermal change at 404°C during this weight loss. 
The transformation to zirconium hydroxide led to a total 
weight loss of 24%, which stabilized after 500°C. 

Figure 2. TGA-DTA profiles of Zr(OH)4-H3PW12O40

The thermograms of Figure 2 corresponding to sample 
Zr(OH)4-H3PW12O40, show a behavior similar to the 
thermograms of Zr(OH)4, with a slight shift in temperatures 
at which the physical and chemical processes previously 
described occur, which indicates the presence of a different 
specie in the Zr(OH)4. The broad endothermal change 
centered at 493°C is attributable to a slow transition 
from the amorphous state of the material to a crystalline 
state, probably caused by the interaction between the 
heteropolyanion ([PW12O40]

3-) and zirconium atoms.

Figure 3 shows the thermogravimetric and 
thermodifferential analysis for phosphotungstic acid 
(H3PW12O40). The curve of the thermogravimetric 
analysis shows that the most important transitions 
of weight loss for this material are located in the 
range from ambient temperature to 300°C. The 
thermodifferential analysis profile shows endothermal 
signals near 68°C and 190°C that are result of the 
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elimination of physisorbed and structural water 
contained in the heteropolyacid. The exothermal peak 
located at 612°C is characteristic of this material and is 
related with the decomposition of its Keggin structure 
in oxides of tungsten and tungsten-phosphorus [23], 
this change takes place without weight loss.

Figure 3. TGA-DTA profiles of H3PW12O40

Thermal analyses of samples Z600 and ZH600 
showed a very similar behavior between them. In the 
thermogravimetric analyses it can be noted that calcined 
materials have a fast initial weight loss characteristic 
of a desorption or drying process, this weight loss 
is not very significant and it was approximately 4% 
(Figure 4). The endothermal signal for these catalytic 
solids observed in the thermodifferencial analysis 
curve near the temperature of 60°C is associated 
with the evacuation of physisorbed water in the solid 
surface, after this change, the materials appeared to 
be thermally stable up to 900°C (Figure 5). Some 
studies reported that degradation or transformation of 
heteropolyacid (H3PW12O40) supported in ZrO2 occurs 
at temperatures greater than 500°C [24], nevertheless, 
in this work there were no evidence of changes related 
to this transformation, this fact could be related to 
the interaction  between the heteropolyanion and the 
ZrO2 surface. Thermal analyses performed by Ivanov 
et al. [23] to H3PW12O40 and the H3PW12O40/ZrO2 
system showed that the decomposition temperature 
of heteropolyacid is located around 612°C, however, 
for the H3PW12O40/ZrO2 system there were no changes 
attributable to heteropolyacid and with this can be 
corroborated the high stability of the material, which 
coincides with results obtained in the present work.

Figure 4. TGA profiles of materials H3PW12O40, ZrO2 and 
ZrO2-H3PW12O40

Figure 5. DTA profiles of materials H3PW12O40, ZrO2 and 
ZrO2-H3PW12O40

3.2.  Infrared spectroscopy 

Table 2 summarizes the most important data of infrared 
spectroscopy analyses carried out to heteropolyacid and to 
synthesized zirconium oxides. The infrared spectroscopy 
study of phosphotungstic acid with a Keggin structure 
(H3PW12O40) consists of five characteristic bands in the 
zone 1100-400 cm-1: 1081, 984, 891, 795, and 593 cm-1. 
The position of these bands can be assigned, in turn, to the 
stretching vibrations associated to P-O, W=O, W-O-W bonds 
and to the bending vibration movement of in and out of the 
plane caused by P-O bonds, respectively [25]. These signals 
show a slight shift when heteropolyacid is introduced in the 
matrix of zirconium oxide, suggesting a strong interaction 
between the heteropolyanion coming from H3PW12O40 and 
the oxide surface. Although the bands slightly change in 
position, they do not disappear from this spectrum, only 
those that coincide with the absorption bandwidths shown 
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by pure zirconium oxide in the region 750-500 cm-1 overlap. 
These signals associated to Zr-O stretching also slightly 
modify their position; this is possibly caused by material 
re-crystallization [26]. In the synthesized oxides also there 
are signals located at 3500 and 1620 cm-1, related with some 
hydroxyl groups that exist after the calcination process [27]. 
The hydroxyl groups  contained in Zr(OH)4 at the moment of 
impregnation are responsible for the fixation and stabilization 
of the heteropolyanion in zirconium oxide.

3.3.  X-ray diffraction 

By means of X-ray diffraction the crystallization process 
of materials thermally treated in the temperature interval 
between 400°C and 600°C was studied. Figure 6 shows 
the development of crystalline structures as a function of 
thermal treatment temperature. In the diffraction patterns 
of pure zirconium oxide it can be noted that the material 
Z400 is mainly composed of tetragonal crystalline structure 
according to pattern card number JCPDS #80-2155. Also 
low intensity signals are seen at 2θ = 17.55, 24.52, 28.24, 
31.53, 38.61, 41.22, 45.59, 54.10, 55.54 and 65.75° that 
characterize the existence of zirconium oxide with a 
monoclinic structure if compared to card number JCPDS #7-
3430. These signals intensify as the calcination temperature 
increases, showing an almost completely monoclinic 
structure in the material Z600, and the full transformation 
of this structure at temperatures higher than 600°C can be 
predicted. With these results it can be concluded that the 
concentration of the crystalline phases in pure zirconium 
oxide depends mainly on the thermal treatment temperature. 

The X-ray diffraction patterns of zirconium oxide modified 
with phosphotungstic acid are different to those of pure 
zirconium oxide. In these materials there could be seen 
only reflections at 30.25, 35.10, 50.41, and 60.02° in 
the 2θ scale that are characteristic of the formation of 

zirconium oxide with a tetragonal structure. The material 
ZH400 shows an X-ray diffraction pattern with incipient 
signals of very wide bases that are characteristic of 
materials with poor crystallinity. The increase in calcination 
temperature generates an intensification of signals shown 
in diffractograms of materials ZH500 and ZH600, which 
is related to an increase in crystallite size. The absence 
of diffraction lines associated to phosphotungstic acid in 
materials ZH400, ZH500 and ZH600 could be related to 
the good dispersion ability of the acid agent in zirconium 
oxide as well as with its low concentration.

The relationship between crystallite size and diffraction 
line width is given by the Scherrer formula. By means 
of equation (1) it was possible to estimate the crystallite 
sizes for the synthesized materials, knowing that λ is the 
wavelength radiation used (λ = 1.5406 Ǻ), θ is the Bragg 
angle and β is the line width at half maximum height.

D = 
θβ
λ

cos
9.0

					     (l)

In Figure 6 the crystallite sizes obtained with ZrO2 and 
ZrO2-H3PW12O40 calcined at different temperatures 
are shown. It was found that before the complete 
transformation from the tetragonal to the monoclinic 
structure take place, the crystallite size of pure zirconium 
oxide was between 4 and 16 nm. The Figure shows a 
sudden increase in the crystallite size for this material, 
which depends on the thermal treatment temperature. 
The crystallite size difference between pure oxide and 
the modified material with phosphotungstic acid is 
remarkable. The interaction between heteropolyanion 
and zirconium atoms limits solid state diffusion and 
delays crystal growth [28], obtaining values between 
2 and 7 nm, making the influence of calcination 
temperature on this parameter less significant.

Table 2. Infrared absorption frequencies of materials H3PW12O40, ZrO2, and ZrO2-H3PW12O40

Material
Assignments and Wavenumbers (cm-1)

υ (P-O) υ (W=Ot) υ (W-Oc-W) υ (W-Oe-W) δ (P-O) υ (Zr-O)
H3PW12O40 1081 984 891 795 593
Z400 754, 617 508
Z500 754, 615 505
Z600 747, 580 502
ZH400 1081 969 867 822 627, 519
ZH500 1081 969 867 820 628, 519
ZH600 1074 958 863 820 624, 515
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Figure 6. Crystalline structures of materials ZrO2 and ZrO2-H3PW12O40: tetragonal (t) and monoclinic (m)

3.4.  Nitrogen physisorption

Figure 7 shows specific surface areas of synthesized 
materials and their evolution according to thermal 
treatment temperature. Zirconium hydroxide [Zr(OH)4] 
showed a specific surface area of 595 m2/g, which 
decreases to 144 m2/g when the calcination temperature 
of the material reaches 400°C. It is worth mentioning 
that major physical and chemical changes of the 
samples take place during thermal treatment, in the 
range between 100 and 400°C, which lead to a sudden 
decrease in the specific surface area. 

The material’s sintering process that occurs after 400°C 
causes a decrease of 88% in the specific surface area. 
Impregnation of Zr(OH)4 with phosphotungstic acid 
showed a beneficial effect on specific surface areas 
obtained in the materials after the calcination process. 
The presence of a dopant agent reduces the loss of 
the material’s specific surface area in the studied 
temperature range. Therefore, material modified with 
phosphotungstic acid and calcined at 600°C (ZH600) 
surpasses by up to six times the specific surface area 
value obtained with pure zirconium oxide calcined at 
the same temperature (Z600).
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Figure 7. Effect of calcination temperature on specific surface area and crystallite size of materials (●) ZrO2 and (○) ZrO2-

H3PW12O40

4.  CONCLUSIONS

With the addition of phosphotungstic acid in the phase 
of hydroxide precursor, the crystallization behavior 
of zirconium oxide was modified. The presence 
of heteropolyanion in zirconium oxide inhibited 
monoclinic structure formation, limited diffusion in the 
solid state, favored stability of the tetragonal structure 
in the interval of temperatures studied, delayed 
crystal growth and also encouraged development of 
nanocrystalline materials with high specific surface 
area values. The heteropolyanion coming from 
phosphotungstic acid caused a thermal stability effect 
similar to the one obtained with SO4

2-, PO4
2- and BO3

3- 
ions and some metal cations like Y3+, La3+ and Ce4+.
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ABSTRACT: This paper presents a review of existing landmine detection techniques. The review is made with an analysis of the strengths 
and weaknesses of each technique in relation to the landmine detection problem in Antioquia, which ranks first in Colombia by the number 
of victims from landmines. According to the uniqueness of landmines and terrains in Antioquia, this paper suggests some research topics 
that may help in the demining task for this affected department.

Key words: ammonium nitrate, APM, demining, explosive detection, IED, improvised explosive devices, landmine, landmine detection. 

RESUMEN: En este artículo se hace una revisión de las técnicas existentes para la detección de minas antipersona. La revisión se acompaña 
de un análisis de las fortalezas y debilidades de cada técnica frente al problema de detección de minas en Antioquia, el departamento con 
mayor número de víctimas por minas antipersona en Colombia. De acuerdo a las características de las minas y de los terrenos antioqueños, 
se sugieren áreas de investigación que  pueden ayudar a resolver el problema de desminado en este departamento tan afectado. 

Palabras clave: AEI, artefactos explosivos improvisados, desminado, detección de explosivos, detección de minas, MAP, minas antipersona,  
nitrato de amonio.

1.  INTRODUCTION

Landmines are weapons, usually buried, that explode 
when stepped on and are designed to injure or kill, leaving 
long-term psychological effects and posing a financial 
burden to the community [1]. Colombia ranks second in 
victims from landmines [2]. From 1990 to April 2011, 
Colombia recorded 9.277 victims, and 22.68% of them 
were in Antioquia [3], the most affected department. 
Colombia is seriously affected by this problem because 
landmines are currently used by groups outside the law 
to protect coca plantations and to counter the army [4]. 

Colombian mines usually include some elements that 
complicate the wounds caused by the explosion, as feces, 
glass and plastic scrap, which cause infections due to 
fragments that are not detected by x-rays [4]. In addition, 
these mines are enclosed in casings of various shapes, 
materials and sizes (e.g. wooden boxes, PVC pipes, glass 
and plastic bottles), that may contain more explosive: while 
conventional mines contain from 30 to 520 g, mines in 
Colombia usually contain from 250 g to 4 kg, and some have 

been found with more than 20 kg [4]. Due to government 
controls, the mines of illegal groups rarely contain military 
explosives, instead they contain ANFO (Ammonium Nitrate/
Fuel Oil) [5] to which some products, like coffee or paint, are 
added to avoid canine detection. Due to the characteristics 
of Colombian landmines mentioned above, these are called 
improvised explosive devices (IEDs) [6].

A crucial step to prevent further victims from landmines and 
IEDs is to detect them and destroy them. Today, detecting 
IEDs is a problem in Antioquia due to the characteristics of 
these devices and of the land where they are buried. Here, a 
review of landmine detection technologies is made, in order 
to orient future research in the topic.

2.  EXPLOSIVE DETECTION

2.1.  Explosive trace detection

These technologies detect traces of explosives on the 
soil surface or in the air. The explosive’s transportation 
from the mine to the soil surface begins with the 
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diffusion of the explosive vapor through the mine casing 
or through its cracks and seals. About 95% is absorbed 
by the ground, and only 5% migrates towards the surface 
as vapor (although much is lost in degradation processes 
[7]). Several factors affect its arrival to the surface: 
diffusion is inversely proportional to mine casing density, 
casing paint absorbs chemical signals [7]; explosive 
degradation increases with temperature, moisture and 
organic matter; and finally, soil disturbances generated by 
mine burying can cause dispersion of chemical signatures 
[8]. Explosive residues in the soil are not uniform and 
the highest concentrations are not always at the mine 
location [9]. Additionally, the vapor pressure for most 
common explosives is very small, requiring highly 
sensitive sensors [10].

2.1.1.  Biological methods

Dogs. Dogs outperform the best chemical sensors and 
can detect various byproducts from mine explosive 
degradation, however, they require constant training, 
and their performance decreases with time. In addition, 
they have mood and behavior variations difficult to 
predict [11], [12].

Rats. As an alternative to dogs, the use of giant African 
rats is being researched [13], [14]. They are trained 
with food to indicate the presence of explosives 
by scratching the ground with their feet. Rats have 
advantages over dogs: they are cheaper, can be 
deployed in large numbers, are lighter and resistant to 
tropical diseases [15]. 

Bees. Bees are trained to associate the odor of an 
explosive with food, by placing a mixture of sugar 
and the explosive nearby their hive. The use of bees 
is limited because they are difficult to track [16], can 
only work under limited climatic conditions, and their 
performance with multiple sources is unknown, being 
it possible that they only detect the strongest ones [15].

Ants. It has been found that ants can locate piles of 
explosives (TNT and RDX) and carried them to their 
ant hill. In [17], anecdotal evidence is discussed and in 
[18], a possible application is proposed for producing 
smart-landmines capable of self-passivation with time.

Bacteria. There are genetically modified bacteria 
that emit fluorescence in the presence of TNT [19]. 

A bacterial detection process involves spraying the 
bacteria in the minefield, letting them grow for several 
hours and then returning to search for fluorescence 
signals. It is possible to cover large areas rapidly with 
these bacteria [20], however they are highly sensitive to 
environmental conditions and false alarms of unknown 
cause have been found. Also, there is no known strain 
of bacteria capable of detecting other explosives than 
TNT. 

Plants. Aresa Biodetection company has genetically 
modified a thale-cress plant called Arabidopsis 
Thaliana to change color when in contact with nitrogen 
dioxide emanating from explosives [21]. This technique 
has associated problems: nitrogen oxides are also 
formed by denitrifying bacteria, causing false alarms 
[22], these plants do not grow to be high, making it 
difficult to watch the results, and there is some concern 
about native plants contamination [21].

Human role. Humans play an important role in 
biological landmine detection, especially when dogs or 
rats are used. They are required for animal training and 
for interpretation of animal signals. A human and an 
animal comprise a unique team to perform the detection 
task together [23].  

2.1.2.  Chemical methods

Mass and ion mobility spectrometry. In mass 
spectrometry, a sample of air is introduced into a 
vacuum chamber where it is ionized. In ion mobility 
spectroscopy, ions are formed in a reactor. In both 
techniques ions are accelerated and separated according 
to their mass/charge ratio which is used for detecting 
explosives. However, these techniques have false 
alarms caused by non-explosive substances [24].

Infrared absorption spectroscopy. This technique 
relies on the fact that molecular vibrations have 
characteristic frequencies in the infrared spectrum. 
Resonant absorption of light by these vibrations is 
observed when the molecule dipole moment changes 
[24]. However, infrared spectra of large molecules 
can have broad bandwidths, leading to an indistinct 
spectrum. Also, many explosives decompose at the 
high temperatures needed to achieve the vapor pressure 
required for detection.
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Opto-acoustic spectroscopy. This technique relies on 
the fact that optical energy absorbed by molecules is 
partially transformed into thermal energy by means of 
relaxation processes. Using pulsed radiation to excite 
the sample, pressure pulses are detected by sensitive 
microphones, yielding a photo-acoustic spectrum [25].

Raman scattering. Raman scattering is an inelastic 
scattering of light by molecules or atoms. During the 
interaction of light with the molecule, the energy of the 
vibrational and rotational states can be exchanged and 
a lower energy quantum of light is emitted. However, 
the Raman effect is extremely weak, having insufficient 
sensitivity for the landmine detection application [26].

Immuno-chemical sensors. Antigen-antibody 
complexes are formed for proteins containing the 
molecule of interest. When the substance is bound to 
an antibody, there is a change in some physical property 
which serves for detection. Although their selectivity, 
antibodies are not easily applied in field because they 
are not reusable [27].

Electronic noses. They are combinations of multiple 
sensors with pattern recognition algorithms, constituting 
an artificial olfactory system. They reduce the demand 
for highly selective sensors and put more emphasis on 
the algorithms to identify the sample [28]. Sensors used 
in electronic noses are: fluorescent polymers, optical 
fiber, polymeric films, gold nanoclusters, piezoelectric 
materials and micro-electromechanical systems [29].

2.1.3.  Explosive trace detection techniques for IEDs 
detection in Antioquia

Most of the chemical and biological sensing research 
has focused on military explosives such as TNT, 
DNT, RDX, tetryl and PETN. Antioquia requires the 
development of new sensors capable of detecting 
Ammonium Nitrate (AN). However, AN is a common 
fertilizer and traces of it may be present around the 
minefield confusing such sensors. Moreover, vapor 
concentration of explosives depends on several factors 
that should be studied. It has been found that paint 
absorbs explosive vapors, preventing their escape to 
the surface, and it is usual to find a mixture of paint 
with the explosive in IEDs of Antioquia. The incidence 
of this mixture should be investigated, or perhaps 
exploited for IEDs detection. Also, explosive trace 

dispersion should be studied, since it is known that it 
could move within 10 meters from the mine location, 
and the current knowledge on vapor transportation 
from mines is insufficient for a reliable location [30].

Among biological systems, dogs and rats are the most 
suitable for IEDs detection in Antioquia, since bacteria 
are only able to detect TNT, plants suffer from high 
rates of false alarms and their effect on native plants 
has not been studied, and bees would be very difficult 
to track in the high vegetation lands of Antioquia; its 
use would depend on the development of new strategies 
for tracking bees in poor visibility conditions. 

Currently dogs are used for IEDs detection in 
Colombia. Although reliable, dogs are slow and armed 
groups have begun to place anti-dog mines around 
IEDs, and also IEDs are being buried at greater depths 
to prevent explosive vapors from reaching the surface 
[6]. Alternatively, a research is being carried out on 
using Wistar rats for IEDs detection in Colombia [31]. 
According to the researchers, Wistar rats are better than 
African rats because African rats can damage the local 
habitat and they weigh three times more than Wistar 
rats, so they could trigger IEDs. 

2.2.  Bulk explosive detection

2.2.1.  Neutron analysis methods

Thermal neutron analysis (TNA). In TNA neutrons 
are emitted and when absorbed by a nucleus, gamma 
rays are emitted with an energy that is specific to the 
nucleus. However, TNA cannot distinguish nitrogen 
oxides in the explosives from those in the surroundings, 
having a high rate of false alarms. In addition, its 
sensitivity is limited, its price is high and it is bulky 
and slow for use in field [32]. 

Fast neutron analysis (FNA). This technique uses 
high-energy neutrons to detect and differentiate 
gamma radiation at different energies. FNA technique 
is sensitive to almost all elements in explosives and 
allows their identification, but the equipment is usually 
complex and expensive [33].

Pulsed fast neutron analysis (PFNA). This technique 
applies the same concept of FNA, using a pulsed beam 
of neutrons. PFNA allows explosive composition to be 
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determined, as well as its location and concentration, 
however, it needs large particle accelerators, which are 
bulky and expensive [34].

Pulsed fast thermal neutron analysis (PFTNA). 
PFTNA applies long-lasting beams of neutrons. Its main 
advantages are high reliability and mobile construction 
[34]. Its main disadvantage is an insufficient sensitivity 
to effectively detect the sub-kilogram amounts of 
explosive in the mines.

2.2.2.  Nuclear quadrupole resonance (NQR)

This technique sends radio frequency pulses that 
excite nitrogen nuclei in the explosive, which induces 
an electric potential at a receiver coil. The spectrum 
recorded from each explosive is unique and thus the 
detection is highly specific and less susceptible to 
false alarms [34]. Its major drawback is a low signal/
noise ratio (SNR) [30]. Also, it is affected by radio 
frequency interference (RFI), by the distance between 
the detection coil and the explosive, and by temperature 
[35].

2.2.3.  Bulk explosive detection techniques for IEDs 
detection in Antioquia

Bulk explosive detection has advantages over trace 
explosive detection because the last one is affected by 
factors that are difficult to characterize, cannot locate 
IEDs accurately and suffers from insufficient sensitivity 
and false alarms because the pressure and concentration 
of the explosive vapors are too low. 

With neutron analysis methods, there is a concern about 
the radiation dose that a human operator can receive, 
and even if it is within safe limits, a perceived risk 
may hinder its acceptance. Furthermore, it has been 
found that hydrogenated materials, such as water, can 
produce false alarms, preventing its use when humidity 
is above 20% [30]. It has also been found that by using 
neutron sources of low intensity to get a portable 
equipment, the detection task takes longer [30]. In 
addition, there are some concerns about the high cost 
of both neutron sources and gamma rays detectors. It 
would be necessary to study the incidence of the factors 
mentioned above in the detection of IEDs in Antioquia, 
and to determine infrastructure requirements to support 
research on neutron techniques.

NQR technique has the advantage of detecting the 
landmine explosive without emitting harmful radiation 
and with high chemical specificity. Despite of some 
drawbacks of this technique, much research has been 
carried out to deal with them [36], [37], [38]. These 
research results can be exploited to create a system for 
IEDs detection in Antioquia. However, in the literature, 
few works are found about AN detection by NQR [39], 
[40], [41] and none of them is related to landmine 
detection. Despite this, for NQR, AN detection is 
easier than TNT detection, the most used explosive in 
landmines [41]. 

3.  MINE CASING DETECTION

3.1.  Electromagnetic methods 

3.1.1.  Metal detector (MD)

MD measures the disturbance of an emitted 
electromagnetic field, caused by the presence of 
metallic objects in the soil. A major disadvantage of 
this sensor is that each piece of metal scrap triggers 
an alarm. The large number of false alarms makes the 
landmine detection task to be slow and costly [42].

3.1.2.  Ground penetrating radar (GPR)

GPR emits radio waves into the earth and analyzes 
the returning signals produced by reflections at the 
discontinuities of the dielectric constant. Ultra-Wide 
Band Synthetic Aperture Radar (UWB SAR) with 
the ground penetrating capability has become an 
alternative way to detect landmines over large areas 
from a safe standoff distance [43]. The main drawback 
of GPR is that irregularities in the soil (e.g. roots, 
rocks) can produce false alarms [44]. Additionally, 
its performance is sensitive to complex interactions 
between mine casing material, soil texture and 
moisture, wave frequency and soil surface roughness. 
Another limitation is the detection of small shallow 
mines because the reflection at the soil surface masks 
the response of such mines [30].

3.1.3.  X-ray backscattering

This technique exploits the fact that mines and soil have 
densities and effective atomic numbers that differ by a 
factor of two [45]. However, it is non-portable because 
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of the size and weight of the x-ray generators, and of 
the power requirement to reach enough penetration 
[46]. Also, it emits radiation, hindering its acceptance.

3.1.4.  Electrical impedance tomography (EIT)

EIT uses a two-dimensional array of electrodes placed 
on the ground to construct a map of conductivity 
distribution in which mines are seen as anomalies 
[47]. This technology is especially suited for wet soils, 
because water enhances conductivity. Also, EIT is 
cheap enough to be disposable and remotely inserted 
to improve safety [22]. The main drawback of EIT is 
that it requires physical contact with the soil. It cannot 
be used on very dry soils and it is sensitive to electrical 
noise. Its resolution does not reach that of a GPR [30].

3.1.5.  Electromagnetic techniques for IEDs 
detection in Antioquia 

Among the electromagnetic techniques, GPR is likely 
to be the most convenient for Antioquia. MDs are not 
suited because most IEDs have little or no metal content 
at all. X-ray backscattering equipment is not portable 
and in Antioquian minefields, it may be impossible 
to drive a bulky transportation platform. EIT requires 
physical contact with the ground and Antioquian lands 
are irregular, with high vegetation and IEDs can be 
activated with an uncertain weight.

GPR is regarded as one of the best subsurface 
investigation techniques and its potential application 
in Colombia has already been researched [48], [49]. 
As mine detection using GPR becomes very complex 
in the presence of clutter, its outcome depends on the 
knowledge of prevailing environmental conditions, 
soil texture and moisture [50]. These factors should 
be studied in the most affected areas of Antioquia 
(Tarazá, Guadalupe, Ituango, Toledo, Anorí and 
Campamento [3]), and tests should be made to validate 
GPR performance.

3.2.  Mechanical methods

3.2.1.  Seismic-acoustic techniques

Seismic-acoustic systems introduce sound and/or 
seismic waves into the earth that are partially reflected 
when they reach a landmine, causing vibrations at the 

soil surface. This technique has a low false alarm rate 
[51], however, sound waves are significantly attenuated 
by soil, so mines at depths greater than a mine diameter 
cannot be detected. Additionally, surface vibrations are 
small and difficult to measure when there is vegetation, 
turning it into a slow detection system. However the use 
of sensor arrays has proven to accelerate the detection 
[52].

3.2.2.  Ultrasound

Emitted ultrasound waves are reflected at interfaces 
between materials with different acoustic properties, 
which could be used to create images of hidden internal 
anatomy. Its main advantage is the ability for good 
penetration into wet lands. However, the sound waves 
attenuate significantly at the soil-air interface [22].

3.2.3.  Prodding

In prodding, a trained operator prods the ground with 
a stick of about 25 cm long, forming a small angle 
with the ground surface. Today, prodding the land is 
used to confirm the presence of a landmine and it is 
considered the only way to guarantee an exhaustive 
detection [53]. It is a very slow and dangerous 
technique because landmines can have any orientation 
due to soil movement or to nearby explosions and they 
can be detonated by the probe [46].

3.2.4.  Mechanical techniques for IEDs detection 
in Antioquia 

Ultrasound and acoustic/seismic systems have high 
probability of detection and low false alarm rate, 
however, they are not portable, seismic waves can 
detonate IEDs and they cannot detect deep objects. 
They also have issues with, dense vegetation, such as 
there is in Antioquia.

Prodding has several disadvantages, but it is still the 
quintessential confirmatory method for landmine 
detection. Although probes have been developed 
which can identify the landmine casing material, 
they are rarely used in field because, in the hands of 
a skilled operator, a normal probe may give enough 
information for landmine detection [46]. Moreover, 
instead of upgrading the probe for prodding, it would 
be ideal to have an alternative confirmatory method 
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without the hazards of prodding. In this sense, NQR 
can constitute a reliable landmine confirmation 
system because of its high specificity and because its 
SNR increases with sensing time.

4.  INFRARED AND HYPERSPECTRAL 
DETECTION

Infrared and hyperspectral methods detect abnormal 
variations in the electromagnetic radiation reflected 
or emitted by landmines or by the ground above them.

4.1.  Millimeter wave radar (MMWR)

This technique relies on the fact that in the millimeter-
wave band, soil has high emissivity and low reflectivity, 
while metals behave in the opposite way [54]. Active 
MMWR uses an excitation source while passive 
MMWR does not, relying only on environmental 
temperature. MMWR is a good technique for detecting 
metallic objects, but not for detecting plastic ones. 

4.2.  Infrared cameras (IR)

This is a thermal detection method that relies in the 
fact that diurnal temperature variations in areas close to 
landmines differ from surrounding areas [55]. By using 
high power radiation (i.e. active IR), these temperature 
differences can be induced [56], but a landmine 
could be detonated. IR performance is affected by 
factors such as weather conditions, landmine size and 
composition. IR sensors have trouble detecting deep 
objects and are most suited to detect mined areas than 
individual mines [22].

4.3.  Laser induced breakdown spectroscopy (LIBS)

LIBS uses a high intensity laser to generate a micro-
plasma at high temperatures, dissociating the material 
into atoms and ions. Electron-ion collisions produce a 
continuous spectrum whose analysis allows element 
identification. LIBS has been used in identification of 
different types of anti-personnel and anti-tank landmine 
casings [57]. LIBS is capable of in-situ point probing 
and of chemical sensing for landmine detection. It is 
being directed towards a development of a probe for 
prodding the soil that emits laser light and collects 
plasma emissions through an optical fiber [58]. 

4.4.  Visible light

Mine detection by this technique involves the capture of 
light in the visible wave range using an optical system 
for imaging [59]. The main limitation of this technique 
is that it can easily be blocked by camouflage or foliage, 
so it can only be used on flat lands with little vegetation 
[22]. It is more suited to detect surface-laid mines.

4.5.  Optical light detection and ranging (LIDAR)

LIDAR detects polarization changes in the back-
scattered light after illuminating an object with linearly 
polarized light. Landmines on soil surface can be 
detected because of their smooth nature compared with 
the rough background [60]. This method is not capable 
of subsurface imaging, and does not work well when 
there is vegetation.

4.5.  Infrared/hyperspectral techniques for IEDs 
detection in Antioquia 

Passive IR methods are slow and not suitable for close 
landmine detection, and active techniques can detonate 
IEDs and require high power supply, which is difficult 
to provide in a portable system [46]. MMWR gets 
weaker signals than infrared ones and it is ineffective 
in detecting plastic landmines.

There was a research about LIBS in Colombia [61] 
intended to identify the polymers used for IEDs 
manufacture and for explosive trace detection, but 
it was concluded that LIBS has a limited use in 
Colombia due to the wide variety of IEDs, and to 
the low sensitivity of the technique at the explosive 
concentrations. A recent work on AN and fuel oil 
detection by LIBS [62] showed its ability to identify 
AN, but not to identify fuel oil when mixed with soil; 
they also found that the technique had trouble with wet 
soils and mentioned potential false alarms produced 
by fertilizers.

LIDAR and visible light techniques do not work well 
when there is vegetation. Even so, in [63] the images 
taken by an on-board camera were used, looking for 
texture and color abnormalities at the regions where the 
mines were buried. Tests were conducted on soil with 
gravel and short grass, demonstrating the feasibility of 
this technique for landmine detection.
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5.  SENSOR FUSION

A general conclusion of the reviewed papers about 
landmine detection is that no technology is capable of 
detecting all types of landmines under all environmental 
conditions and that there is a need for developing multi-
sensor detection systems in order to overcome each 
sensor limitations [30], [46], [50], [64], [65]. 

Sensor fusion for landmine detection has been 
mainly dedicated to the combination of GPR and MD 
technologies, and in some cases IR sensors [66]. In 
Colombia, the Universidad de los Andes together with 
Indumil developed a detection system that combines a 
GPR with a MD [67]. However, they have not reported 
any experimental results.

Further research in sensor fusion is needed to include 
other technologies besides MD, even more so in 
Antioquia where most IEDs do not contain metallic 
pieces. A good solution could be to include an explosive 
detection technology, since it would decrease false 
alarms from non-explosive objects in the soil. 

6.  FINAL RECOMENDATIONS

In this paper a review was made about the existent 
technologies for landmine detection, showing their 
advantages and disadvantages and analyzing their 
prospect to become IEDs detection systems for 
Antioquia. It is concluded that no single technique is 
capable by itself of solving the IEDs detection problem 
and that the integration of two or more sensors is 
required. For Antioquia, the combination of GPR and 
NQR technologies is suggested. The reason is that GPR 
is a mature technology, portable equipment is available 
and there is research that shows its feasibility for IEDs 
detection in Colombia; and NQR detects the explosive 
inside IEDs, complementing GPR. However, there is a 
need for research on AN detection inside IEDs by NQR. 

IEDs detection in Antioquia is a complex problem 
because of the difficulty accessing the areas, because 
IEDs are non-metallic and because they are currently 
being placed by armed groups that tailor IEDs to the 
current demining technologies in order to hinder their 
detection. But demining of out-of-conflict areas is 
possible if further research is carried out on adapting 

the existing technologies to the local problem. 
However, there is a barrier because the Army and the 
government do not seem to understand that research 
costs a substantial amount of money and that results are 
uncertain and will only appear over the medium to long 
term. Landmine clearance in Antioquia is subjected 
to the amount of investment in research on this topic.

In the development of a technology for IED detection 
in Antioquia it is important to maintain communication 
with the demining groups to meet their needs. 
According to [46], many scientists have attacked the 
problem without an ongoing discussion with users, and 
as a result, they have obtained technologies that cannot 
be used in the field.

The way information is presented to the operator is 
also an important research area. Most existing systems 
give a sound signal difficult to interpret and to hear in 
certain conditions. The advanced landmine imaging 
system (ALIS) [68], which shows images from two 
sensors (MD and GPR) in real time, is one of the most 
important contributions in this area.

Knowing the research carried out in Colombia in the 
context of demining is important to avoid repeated 
work [46]. Besides the works already mentioned 
(research using rats to detect explosives, the fusion of a 
GPR and MD, research on LIBS for the characterization 
of materials, and mine detection by surface image 
analysis), there are other two works developed in 
robotics: a remotely operated robot [69] and a study 
on snake-type modular robots for use in landmine 
detection [70]. These works are important for two 
reasons: first, some researchers might be encouraged 
to develop detection technologies that are not suitable 
for hand-held use, but that would be effective onboard 
a robot; and second because ideally, the mine detection 
task should be carried out by autonomous or semi-
autonomous systems to prevent exposure of people or 
animals to the hazards of landmine detection.

Finally, current detection technologies are unable to 
detect mines at great depths and a sensor fusion will 
not solve this problem. This is a major research focus 
since IEDs are currently being placed by armed groups 
seeking smarter ways to make these artifacts difficult 
to detect.
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ABSTRACT: We report the synthesis, the structural characterization, the ferroelectric behavior and the electronic properties of complex 
perovskite Ba2ZrTiO6. Samples of Ba2ZrTiO6 were synthesized through the standard solid state reaction method. The crystalline structure was 
studied by means of X-ray diffraction experiments and Rietveld-like analysis. Results reveal that the material crystallizes in a rhomboidal 
structure, space group R-3 (#148), with cell parameter a=5.8038(7) Å.  The ferroelectric response of material was established from curves 
of polarization as a function of applied electric field. Our results reveal that the double perovskite Ba2ZrTiO6 has a ferroelectric hysteretic 
behavior at room temperature. The studies of the electronic structure show that Ba2ZrTiO6 behaves as a nonmetallic material with gap energy 
2.32 eV. The structural parameters obtained from energy minimization, through the Murnaghan equation state are 99.5% in agreement with 
the experimental data.

Key words: Double perovskite, ferroelectric properties, electronic structure

RESUMEN: En este trabajo reportamos la síntesis, la caracterización estructural, el comportamiento ferroeléctrico y las 
propiedades electrónicas de la perovskita compleja Ba2ZrTiO6. Las muestras fueron sintetizadas mediante el método estándar 
de reacción de estado sólido. La estructura cristalina se estudió a través de experimentos de difracción de rayos X y análisis de 
tipo Rietveld. Los resultados revelan que el material cristaliza en una estructura romboédrica, perteneciente al grupo espacial 
R-3 (#148), con un parámetro de red a= 5,8038(7) Å. La respuesta ferroeléctrica del material se estableció a partir de curvas 
de polarización en función del campo eléctrico aplicado. Nuestros resultados muestran que la perovskita Ba2ZrTiO6 evidencia 
un comportamiento histerético ferroeléctrico a temperatura ambiente. Los estudios de la estructura electrónica muestran 
que esta cerámica se comporta como un material no metálico con brecha de energía 2,32 eV. Los parámetros estructurales 
obtenidos a partir de la minimización de energía, a través de la ecuación de estado Murnaghan, son 99.5% acordes con los 
datos experimentales.

Palabras clave: Perovskita compleja, propiedades ferroeléctricas, estructura electrónica

1.  INTRODUCTION 

Complex perovskites with formula A2BB’X6, where 
A represents an alkaline earth, B and B’ are metal 
transition and X is the oxygen, have been studied 
because of their physical properties [1], which 
depend on structural distortions and the characteristic 
properties of B and B’ cations. This chemical 
configuration results in multiple opportunities to 
combine different elements of the periodic table, 
generating the possibility of synthesizing new materials 
that involve a larger gamma of physical properties. One 

well-known simple perovskite, which is well known 
because it exhibits a ferroelectric character, is BaTiO3 
[2]. Partial substitutions of Ti by the Zr cation have 
been done by other authors, showing the evolution of 
the electric behavior from a ferroelectric response, for 
low concentration of Zr, to a ferroelectric relaxor [3] 
and a dielectric behavior for high concentrations of Zr 
[4]. However, the position of the substitutive cations in 
the crystallographic cell of the material is not usually 
reported. Location of all ions in the lattice is important 
for inferring the possibility of obtaining spontaneous 
polarization, in order to give rise to ferroelectric 



Landínez-Téllez et al / Dyna, year 81, no. 183, pp. 126-131, February, 2014. 127

behavior. In the case of polycrystalline samples, the 
ferroelectric behavior depends greatly on the grain 
size, because the effects of imperfection frequently 
dominate the ferroelectric response of small grains, 
where a significant fraction of the material volume 
may be influenced by grain boundaries. It is known 
that cationic disorder produces substantial changes of 
the ferroelectricity of complex perovskites [5]. The 
aim of this paper is to show the synthesis process for 
producing the double perovskite Ba2ZrTiO6; to analyze 
the crystallographic single phase; to study the electronic 
structure; and, the most important objective of the 
study being to investigate the ferroelectric response 
of the material at room temperature. Our results reveal 
that Ba2ZrTiO6 crystallizes in a rhomboidal double 
perovskite structure, which is a convenient lattice for 
determining the occurrence the ferroelectric character, 
observed by the occurrence of hysteretic curves of 
electric polarization as a function of variable applied 
fields.

2.  EXPERIMENTAL PROCESS

Samples were synthesized by means of the solid 
state reaction recipe. The precursor powders BaCO3 
(Aldrich 99.9%), TiO2 (Aldrich 99.99%) and ZrO2 
(Aldrich 99.99%) were stoichiometrically mixed 
according to the chemical formula Ba2ZrTiO6. The 
mixture was ground to form pellets of 9.55 mm 
diameter and 1.85 mm thickness. Then the material 
was annealed in a sequential thermal procedure at 
850, 900, 950, 1000, 1100 and 1150 ºC for 144 hours, 
including five regrinding and pelletizing procedures 
to make six thermal steps of 24 hours each. An X-Ray 
diffraction (XRD) experiment was performed by means 
of a PW1710 diffractometer with λCuKα=1.54064 Å. 
Rietveld refinement of the diffraction pattern was made 
by the GSAS code [6]. Electric polarization curves were 
obtained by means of a Radiant Ferroelectric Tester, 
which included a ±10 kV source for measurements in 
bulk-samples.

3. CALCULATION METHOD

We applied the Full-Potential Linear Augmented Plane 
Wave method (FP-LAPW) within the framework of 
the Kohn-Sham Density Functional Theory (DFT) 
[1], and adopted the Generalized Gradient (GGA) 
approximation for the exchange-correlation energy 

due to Perdew, Burke and Ernzerhof [7]. The self-
consistent process was developed using the numeric 
package Wien2k [8]. Taking the experimental unit cell 
data as input, the structures studied in this work were 
fully relaxed with respect to their lattice parameters 
and the internal degrees of freedom compatible with 
the space group symmetry of the crystal structure. The 
resulting energies versus volume functions have been 
fitted to the equation of state due to Murnaghan [9] in 
order to obtain the minimum energy value, the bulk 
modulus, its pressure derivative and the equilibrium 
lattice parameters and associated volume. The muffin-
tin radiuses used were 2.40, 1.74, 2.14 and 1.53 for Ba, 
Ti, Zr and O respectively, angular momentum up to l 
= 10 inside the muffin-tin sphere, a maximum vector 
in the reciprocal space of Gmax =12.0, RMT*Kmax 
= 7.0, and a mesh of 800 points in the first Brillouin 
zone (equivalent to a maximum of 85 k points in the 
irreducible Brillouin zone). Finally, the convergence 
criteria for the self-consistent calculation was 0.0001 
Ry for the total energies, 0.0005 u.a. in the charge and 
1.0 mRy/u.a. in the internal forces.

4.  RESULTS AND DISCUSSION

Figure 1. Diffraction patterns showing results of thermal 
treatment for obtaining rhomboidal structure for the 

double perovskite Ba2TiZrO6.



Landínez-Téllez et al / Dyna, year 81, no. 183, pp. 126-131, February, 2014.128

The sequence of crystallization obtained by the 
thermal process, described in the experimental setup, 
for Ba2TiZrO6 samples is shown in the diffraction 
patterns of Figure 1.  As shown in Figure 1, the fourth 
thermal step, at 1000 ºC, evidences the perovskite 
phase of Ba2TiZrO6. However, some incipient peaks 
corresponding to impurities are observed close to 
24o. These impurities vanish after the last thermal 
treatment at 1150ºC. A rigorous Rietveld refinement 
from experimental data of the diffraction pattern reveals 
that crystallization of material occurs in a rhombohedral 
double perovskite, which belongs to the space group 
R-3 (#148). 

The difference between simulated and experimental 
patterns is shown in Figure 2. The lattice parameters 
obtained from the refinement process were a=5.803(8) 
Å; primitive vectors angle α=59.9675o.  This result is 
∼ 98.5% in agreement with the value supplied by the 
Structure Prediction Diagnostic Software [10], which 
gives a=5.7177 Å.

In Figure 2, the top plot represents experimental data, 
the middle plot is the simulated refined diffractogram, 
and the line at the bottom corresponds to the difference 
between experimental and simulated patterns. Indexes 
of crystallographic planes are indicated in figure 2. The 
parameters of refinement are: RF

2=4.69 % and x2=2.26.

Figure 2. Experimental and simulated diffraction patterns 
of Ba2TiZrO6 material after Rietveld refinement. The bottom 
line corresponds to the difference between experimental and 

theoretical diffractograms.

Atomic positions and occupancies of ions in the 
structure are shown in table 1.

Table 1: Atomic position for the rhomboidal structure of 
Ba2TiZrO6, obtained by Rietveld refinement of diffraction 

patterns through the GSAS code.
Atom x y z

Ba 0.7558 0.7558 0.7558
Ti 0.0000 0.0000 0.0000
Zr 0.5000 0.5000 0.5000
O 0.7745 0.7745 0.2255
Ba 0.2442 0.2442 0.2442
O 0.2255 0.7745 0.7745
O 0.7745 0.2255 0.7745
O 0.2255 0.2255 0.7745
O 0.7745 0.2255 0.2255
O 0.2255 0.7745 0.2255

One important parameter in perovskite materials is the 
tolerance factor, which is related to the probability of 
the formation of octahedral coordination of B and B‘ 
cations with the oxygen anion. The tolerance factor 
calculated for Ba2TiZrO6 material was 1.0312. This 
value, above 1.0, suggests the possibility of obtaining 
spontaneous polarizations from structural distortions 
that give rise to the ferroelectric character in the simple 
perovskite BaTiO3 [11], for example.

Figure 3. Ferroelectric hysteresis measured at ambient 
temperature for the perovskite Ba2TiZrO6, for several 

applied fields up to 2.16x104 V/cm.

Another important characteristic for the possible 
application of the material in ferroelectric devices is the 
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response to high applied fields.  In Figure 3 sequence 
of polarization for applied electric fields up to 22.5 kV/
cm is shown.  As observed in Figure 3, for the higher 
applied field we determine a saturation polarization of 
0.175 µC/cm2, in a curve with a remnant polarization 
of 0.3125 µC/cm2 and a coercive field of 12.0 kV/cm.  
These values are in agreement with strong ferroelectric 
materials of the BaTiO3 family [12,13] that evidence 
polarization saturation, remnant polarization and 
coercive fields, which are appropriate for technological 
applications in ferroelectric memories.

Figure 4 shows the optimization of energy as a function 
of volume. The minimum energy value is obtained 
for -42368.114575 Ry. The equilibrium volume is 
945.7608 Bohr3, which corresponds with a lattice 
constant a=11.0206 Bohr [a=5.831(8)] with a volume 
modulus Bo=155.9553 GPa. The lattice parameter 
obtained from the GGA approximation is 99.5% in 
agreement with our experimental results.

 
Figure 4. Calculated total energy as a function of volume 

and c/a factor for the Ba2TiZrO6 material

 
Figure 5. Rhombohedral structure of the Ba2TiZrO6 

perovskite for the R-3 space group.

The difference between the two minimums is less 
than the convergence parameter. The minimums for 
the energy as a function of volume were obtained by 
adjusting Murnaghan’s state equation to the square 
points [9]. The rhombohedral structure obtained by 
both procedures, Rietveld refinement of diffraction 
patterns and theoretical minimization of energy by the 
DFT method, is shown in figure 5.

Figure 6 corresponds to electronic properties of the 
perovskite Ba2TiZrO6. The Density of States (DOS) 
along the high symmetry directions in the first Brillouin 
zone and the band structure are shown. The energy of 
the electrons as a function of the wave vector k is also 
observed, which was taken along the Γ-Σ-M-K-Λ-Γ 
directions. 

 

Figure 6. Band structure and total DOS for the Ba2TiZrO6 mate-
rial. The Fermi level is the energy reference.

The DOS and band structure are calculated for the 
equilibrium configuration by using the lattice constant 
corresponding to the volume which minimizes the 
energy of the system. 

The energy reference is selected to be the Fermi level in 
E=0. It is observed that the Ba2TiZrO6 material presents 
a nonmetallic behavior with a direct energy gap of 2,32 
eV at the Fermi level.  Furthermore, a valence sub-band 
sited in the regime between -4 eV and the Fermi level 
is observed in Figure 6, due to principal contributions 
of the 2s-O, 3d-Ti and 4d-Zr orbital, as corroborated in 
Figure 7. A minority contribution of the 4s-Ti and 5s-Zr 
electrons is also observed. In the intermediate region 
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of the conduction band, between 2,32 eV and 3,7 eV, 
the majority contribution is due to the 3d-Ti orbital.

 
Figure 7. Partial DOS calculated for the Ba2TiZrO6 

material.

On the other hand, from 3,7 eV up to 4,71 eV a gap of 
forbidden energies, internal to the conduction band, is 
determined. Likewise, the 6s-Ba, 4d-Zr, 3d-Ti and 2p-O 
electron contributions give rise to the regime between 
4,74 eV and 12,0 eV, with a small share of 4s-Ti, 5s-Zr 
and 2s-O orbitals.

5.  CONCLUSIONS

In summary, we report the synthesis of polycrystalline 
Ba2TiZrO6 double perovskite.  The complete thermal process 
is seen through a sequence of diffraction patterns. Rietveld 
refinement reveals that a single crystallographic phase 
of rhombohedral perovskite was obtained, space group 
R-3 (#148), with lattice parameters a=5.803(8) Å.  The 
tolerance factor was calculated to be 1.03.  Measurements 
of polarization as a function of applied electric fields show 
a hysteretic behavior, which is characteristic of ferroelectric 
materials.  Values of saturation and remnant polarization 
suggest that this material may be used for technological 
applications in devices for information storage. Lastly, 
calculations of band and electronic structure reveal the 
nonmetallic behavior of Ba2TiZrO6, with an energy gap of 
2.32 eV and Bo=155.9553 GPa volume modulus.
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ABSTRACT: The aim of this research was to determine the influence of certain variables (e.g., collector addition, pulp dilution, conditioning 
times, pH and pulp agitation speed) on the yield for feldspar sand flotation aimed at separating quartz from feldspar and to estimate the values 
that provide an optimum yield. The feldspathic sands were obtained from a sedimentary deposit located in the Sarreaus region (Ourense 
province, NW Spain).

Flotation yield was based on two parameters: grade and recovery. Each of these parameters was determined in a series of experiments in which a 
single parameter was varied at a time while the remainder were kept constant. The results indicate that it is possible to obtain a high flotation yield 
using optimum process variables. With these optimum variables, the average concentrate grade and recovery were 95.1% and 25.6%, respectively.

Key words: Mineral processing, froth flotation, flotation reagents, flotation depressants, flotation collectors.

RESUMEN: El objetivo de este trabajo es determinar la influencia que determinadas variables (como son, concentraciones del colector, 
dilución de la pulpa, tiempos de acondicionamiento, pH y velocidad de agitación de la pulpa) ejercen en el rendimiento del proceso de flotación 
de arena feldespática, utilizado para separar el cuarzo del feldespato, así como estimar los valores que proporcionan un rendimiento óptimo. 
Las arenas feldespáticas provinieron de un depósito sedimentario ubicado en Sarreaus, provincia de Orense al noroeste de España.

El rendimiento de flotación se basa en dos parámetros: ley y recuperación. Cada uno de estos parámetros fue determinado en una serie de 
experimentos en los cuales se varió cada vez una de las variables manteniéndose fijos los valores del resto. Los resultados indican que es 
posible obtener un rendimiento elevado en la flotación habiéndose determinado las variables óptimas de proceso. Con dichas variables óptimas 
la ley media del concentrado fue del 95.1% y la recuperación media del 25.6%.

Palabras clave: Procesamiento de minerales, flotación por espuma, reactivos de flotación, depresores de flotación, colectores de flotación.

1.  INTRODUCTION

Feldspathic materials for the glassmaking and pottery 
industries are obtained from feldspathic sands. However, 
in order to obtain an end product of suitable quality, a 
series of separation tasks need to be implemented, given 
that these minerals are - to a greater or lesser degree - 
generally rendered impure by ferromagnesian minerals. 
The flotation process to separate feldspar from quartz 
was developed in the 1930s [1]. Since then, many papers 
have been published on the application of different 

collectors, reagents, depressants and other substances 
to the flotation of feldspars [2-14].

Feldspar in Spain is generally recovered either by means 
of magnetic separation or in flotation circuits.

The lack of physical, chemical and size standardization 
in the feldspars sold in Spain - with proportions of quartz 
and iron that vary from one batch to another - have 
forced consumers to look elsewhere for suppliers, with 
negative repercussions for Spanish vendors. There is 
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also, moreover, a lack of investment in technologies 
and processes to improve the exploitation of mineral 
reserves.

Furthermore, the shortage of deposits rich in feldspathic 
material make it necessary to mine other types of local 
deposits (as described in this study), and this becomes 
more feasible in terms of recovery if suitable flotation 
techniques are used.

The main aims of this research were to determine 
the influence of specific parameters on the yields for 
feldspathic sand flotation aimed at separating feldspar 
from quartz (after removal of ferromagnesian minerals) 
and to define the values of  the parameters which would 
optimize the flotation yield.

2.  EXPERIMENTAL

2.1.  Material

The mineral used for the purposes of this study was 
fine-grained arkosic sand with sodium-potassium 
feldspar, obtained from a quaternary deposit located 
in the Sarreaus region (Orense province, NW Spain).

Most of the feldspathic materials mined in Spain 
are obtained from sedimentary deposits, containing 
feldspathic sands composed mainly of quartz and 
feldspar along with other accessory minerals or 
impurities, such as muscovite, tourmaline, biotite, etc.

The sands used in our particular study contained 
biotite as an impurity, which had to be removed in a 
preliminary stage, prior to flotation, using high-intensity 
dry magnetic separators.

Fifty 5-kg samples were collected at the treatment plant 
after a drying process. The grain size analysis showed 
that 62% of the arkosic sand was less than 500 μm in 
diameter. The coarse sand fraction (greater than 500 
μm) was 38% and the fine sand fraction (less than 63 
μm) was 0.5%.

Samples were prepared and flotation tests were 
conducted at the mineralurgical laboratory of the 
University of Vigo (Spain).

The mineral was classified using an electric sieve shaker 

and the 63-μm to 500-μm  fraction was collected. Sizes 
outside this range were discarded as unsuitable, since 
they tend to cause problems in the flotation process [15]. 

A high-intensity, 22000-gauss dry magnetic separator was 
used to separate the mica from the feldspar and quartz. 
This reduced the mica content of the initial sample by 
95%. The mineral was then mixed and quartered.

The mineralogical composition of the 63-μm to 500-
μm fraction was determined using X-ray diffraction. 
Chemical composition was determined using X-ray 
fluorescence.

Tables 1 and 2 show the mineralogical and chemical 
composition of the 63-μm to 500-μm fraction before 
and after the magnetic separation, respectively.

Table 1. Mineralogical and chemical composition of the 
63-μm to 500-μm fraction before magnetic separation

Table 2. Mineralogical and chemical composition of 
the 63-μm to 500-μm fraction after magnetic 

separation 
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Analysis of the data shown in Tables 1 and 2 indicated 
that the micaceous minerals could be removed by high 
intensity magnetic separation. Magnetic separation 
alone decreased the magnetic mineral content of the 
feed to 0.1% Fe2O3 and 0.058% TiO2.

2.2.  Flotation experiments

The experiments consisted of a series of froth flotation 
concentration tests [16], in which a single parameter 
was varied at a  time while the remainder were kept 
constant, with the objective being to determine each 

parameter’s influence on flotation yield [17]. 

The parameters and conditions under which each 
experiment was conducted are summarized in Table 
3. Italics indicates the range of variation for each 
parameter.

The flotation machine rotor, with an electronic variable 
speed drive, was 0.15 m in diameter. The flotation cell 
size was 13 L.

The collector used was an amine (trade name ARMAC 
T) — the collector typically used in feldspar flotation 
[18]. Hydrofluoric acid (HF) was used as a depressant 
regulator to prevent quartz flotation. This has the 
advantage of being very effective but, because this acid 
is corrosive, the lowest possible concentrations were 
used [19]. Sulphuric acid was used as the pH regulator 
for the pulp.

It was not necessary to use a frother, since the amine 
ensured a consistent foam in the tests conducted. In 
tests using pine oil as a frothing agent, the resulting 
foam was too consistent and not only impeded 
transport, but also prevented the eclosion necessary to 
free the mineral.

Table 3. Variable values in six experiments

For each flotation test a quantity of 2 kg was used, 
corresponding to the non-magnetic fraction obtained in 
the separator. The laboratory experimental procedure 
is outlined as follows:

1.  Dilute the sample in water

2.  Measure pH

3.  Add the amine and HF

4.  Agitate during the conditioning time

5.  Measure pH and control with sulphuric acid

6.  Open the air inlet valve to the flotation cell

7.  Begin the flotation test until overflow stops
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8.  Dry and weigh overflow and underflow.

To analyse flotation results two parameters were 
defined: 

1.  Grade as a % of weight. Quotient between feldspar 
weight in the float and floated weight, indicating the 
richness of the floated feldspar and also the ideal 
concentration of the reagents. 

2.  Recovery as a % of weight. Quotient between float 
weight and sample assayed weight, indicating the 
process yield.

An analysis of these two parameters defined the process 
yield and and indicated the ideal values of the process 
variables.

3.  RESULTS AND DISCUSSION

Below the results obtained for each experiment are 
described. The effect of each variable on grade and 
recovery was interpreted to assess the flotation yield 
and to establish optimum values for the variables.

Table 3 summarizes the flotation tests, showing the values 
maintained when particular variables were studied.

3.1.  Effects of amine addition

In this experiment (Exp. 1 in Table 3), flotation tests 
were implemented with varied amine additions while 
holding the remaining parameters constant. 

Figure 1 shows variations in grade and recovery 
according to changes in amine addition.

Figure 1. Influence of amine and hydrofluoric acid on 
grade and recovery [Exp. 1 and Exp. 2 in Table 3]

Recovery rose steadily with increasing amine addition, 
since greater amounts of collector caused more mineral 
to float. Grade, however, fell after peaking at 800 g/t 
because increasing quantities of quartz floated as well 
as feldspar. In a test conducted with 2200 g/t of amine, 
the entire sample floated, and no mineral was left in 
the tailings.

The optimum amine values fell within the range 750-
850 g/t, with mean concentrate grade above 95%. It is 
not clear whether a major increase in recovery would 
compensate for a drop in grade due to higher amine 
usage.

The amine adsorption mechanism is not yet fully 
understood. At low collector addition and low pH, 
surface adsorption of the collector was high for feldspar 
and low for silicate (quartz). This high surface affinity 
of the collector for feldspar can be associated with the 
formation of inter-molecular complexes with a high 
hydrophobic capacity [20].

3.2.  Effects of hydrofluoric acid

In this experiment (Exp. 2 in Table 3), flotations were 
implemented with different concentrations of HF, 
with the remaining parameters held constant. Figure 1 
depicts the effect of varying HF concentration.

Recovery achieved a maximum value at a HF 
concentration of approximately 750  g/t, and then 
began to fall because HF has the effect of being a 
quartz depressant. HF also prevented the  feldspar from 
floating, so the quantity of floating mineral fell as HF 
concentrations were increased.

Grade began to rise to a maximum, fell and then 
rose again. This happened because with low initial 
concentrations of HF, the quartz was depressed and 
did not float, with grade maintained almost constant 
for a HF concentration of 750-900 g/t.

A slight fall occurred between 900 and 1000  g/t, 
because the feldspar began to depress, but from 1000 g/t 
the grade began to increase again (concentration was 
sufficiently high to depress feldspar and quartz). 
Therefore, the flotation resulted in hardly any quartz, 
but there was also less feldspar and recovery became 
increasingly lower.
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A range of 750-850g/t would seem to be the optimum 
HF concentration, since both grade and recovery would 
be close to a maximum.

3.3.  Effects of pre-flotation pulp conditioning time 
variations 

In this experiment (Exp. 3 in Table 3), the influence of 
pulp conditioning time on flotation yield was analysed. 
Flotations were implemented for five different time 
conditions, with all the other parameters held constant. 

Figure 2 shows the results obtained for the different 
conditioning times. For shorter times, both grade and 
recovery were low since there was insufficient time 
for adsorption of the mineral by the collector. As time 
increased up to six minutes grade and recovery both 
improved, as the collector was gradually adsorbed 
and implemented its hydrophobic function with the 
feldspar.

From six minutes, grade and recovery appeared to 
stabilize so the optimum time was set at six minutes.

 
Figure 2. Variations in grade and recovery according to 

conditioning time [Exp. 3 in Table 3]

3.4.  Effects of pulp dilution variations

Various dilutions were implemented in these 
experiments (Exps. 4a, 4b and 4c in Table 3), with the 
amine addition varied in each dilution. The proportions 
of solids by weight used were 20%, 30%, 35%, 40%, 
50% and 60%. Amine concentrations were 700  g/t, 
800 g/t and 900 g/t. 

Figure 3 shows the results obtained. The interpretation 
of behaviour at each dilution is outlined below:

•	 For a dilution of 20% by weight, the recovery 
increased with collector concentration, as the quartz 
also floated; grade started to fall from above 800 g/t 
of amine, however, due to the greater presence of 
quartz in the float. 

•	 For a dilution of 30% by weight, the grades and 
recoveries were greater than for the previous 
experiment, given that the proportion of solids in 
the sample was greater.

•	 For a dilution of 35% by weight, the graph obtained 
was similar to that of the previous case, with some 
small differences in recovery and grade indicating 
that the dilution difference was correspondingly 
small. 

•	 For a dilution of 40% by weight, the graph obtained 
was similar to that for the 35%, with similar grades 
but with a gentle fall in recovery due to the fact that 
the solids concentration began to be significant, and 
the collector was therefore adsorbed with some 
difficulty by the mineral. 

•	 For a proportion of 50% by weight, the grade was 
maintained at the preceding values; that is, it was 
little affected by an increase in the proportion of 
solids because the collector was not physically 
prevented from being adsorbed by the mineral. 
However, the collector was prevented from reaching 
further quantities of mineral, so recovery began to 
fall sharply.

•	 For a proportion of 60% by weight, grade was 
maintained at the above values for the same reasons 
as given above. Recovery underwent a notable fall, 
due to the fact that the proportion of solids was 
already high, so the probability of contact between 
the collector and mineral particles was reduced.

•	 A final assay conducted with 80% in solids resulted 
in a miniscule quantity of floating mineral. At these 
densities, particle clusters are very large, so the 
collector is adsorbed with great difficulty. Moreover, 
larger particles do not have the same mobility as in 
lower dilutions and the probability of contact with 
the collector is thus significantly reduced.
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Figure 3. Variation in grade and recovery for sequential solid pulp dilutions (%) by weight [Exp. 4 in Table 3]

3.5.  Effects of pulp pH variations

Two series of assays with pH variations were 
conducted, for two different additions of amine 
(750 g/t and 800 g/t). The results obtained are shown 
in Figure 4, where it can be observed that up to a 
value of approximately 2.2, the influence of pH on 
recovery was of little significance. Above this value, 
however, feldspar selectivity was reduced and, as a 
result, grade fell sharply; the recovery level also fell, 
but more gently. 

Figure 4. Variations in grade and recovery according to pH 
for amine additions of 750 g/t and 800 g/t [Exp. 5 in Table 3]

It can be observed that from pH values above 2.2, more 
quartz was floated and selectivity fell in line with grade. 

These results would indicate that selective feldspar 
flotation is only possible for a narrow range of pH 
conditioning. The loss of selectivity at high pH values 
can be attributed to a reduction in the Z potentials for 
the minerals. For pH values higher than 3, selectivity 
was lost totally.

These results are similar to those for the previous series. 
Recovery increased slightly because collector concentration 
rose, whereas grade decreased because more quartz floated 
due to the increase in collector concentration.

3.6.  Effects of pre-flotation pulp conditioning rotor 
speed variations

In order to determine the effects of rotor speed, six 
flotations at different speeds were implemented, with 
all the remaining parameters held constant (Exp. 6 in 
Table 3). Results are shown in Figure 5.

At low rotor speeds, pulp agitation was low and most 
mineral particles were not in suspension. Therefore, the 
collector was not adsorbed, and recovery and grade were 
consequently low. 

As speed was increased, recovery and grade gradually 
increased, with the maximum achieved for both in the 
interval 400-600 rpm.
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Figure 5. Variations in grade and recovery according to 

pulp conditioning [Exp. 6 in Table 3]

At speeds over 800 rpm, recovery and grade began to 
fall; the agitation of particles was high, causing some 
particles to break,  resulting in a larger quantity of fine 
particles. These fines surrounded the other particles and 
prevented the collector from doing its work.

Moreover, a high level of agitation forced some of the 
pulp out of the cell and so a proportion of pulp was lost.

4.  CONCLUSIONS

In all the assays conducted, recoveries were low, due to 
the fact that only a single flotation was implemented per 
sample. This recovery could be increased considerably 
by increasing amine addition, with the corresponding 
drawback: a large amount of quartz would be floated 
but the grade would be very low. 

Sufficient feldspar remained for recovery in the tailings for 
each flotation. This could be easily recovered with successive 
flotations of the tailings, resulting in higher recovery rates, 
thereby justifying implementation in industry. 

The most important factor is to ensure that variables 
are adjusted to obtain a high grade in a single flotation 
— as has been done in our research — since achieving 
high recovery rates over several successive flotations 
of the tailings is a less complex process. 

An analysis of the results indicated that the optimum 
variables for the process were those summarized in 
Table 4.

With these optimum values the mean concentrate grade 
and mean recovery rates obtained for our flotation tests 
were 95.1% and 25.6%, respectively.

Table 4. Optimum flotation values for feldspathic sand
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ABSTRACT: Manufacturing strategy (MS) is a long-term plan for production and operations system aimed to support the 
company’s corporate strategy. The content of MS addresses the goals and strategic decisions to face competition. Despite 
the number of contributions on this subject, few studies have been conducted in the Colombian context. Therefore, this 
article shows the results of a study undertaken in 36 Colombian companies addressing the three main components of the MS 
content: competitive priorities, strategic decision areas and the management’s approach to manufacturing. The results allow 
two groups of companies with different performance level to be identified, as well as the relationship of this performance with 
strategic decision areas and the management’s approach to manufacturing.

Key words: Manufacturing strategy, competitive priorities, strategic decision areas, manufacturing management approaches, Colombian industry.

RESUMEN: La estrategia de manufactura (EM) consiste en un plan a largo plazo para el sistema de producción/operaciones diseñado 
para apoyar la estrategia corporativa de la compañía. El contenido de la EM aborda las metas y las decisiones estratégicas necesarias para 
enfrentar la competencia. A pesar del creciente número de publicaciones sobre este tema, pocas investigaciones han sido realizadas en el 
contexto colombiano. Por tanto, el presente artículo expone los resultados de un estudio realizado en 36 empresas colombianas que aborda 
los tres componentes principales del contenido de la EM: las prioridades competitivas, las áreas estratégicas de decisión y los enfoques de 
gestión para la manufactura. Los resultados permitieron detectar dos grupos de empresas  que exponen diferentes niveles de desempeño así 
como las relaciones de dicho resultado con las áreas de decisión estratégicas y los enfoques de gestión de manufactura.

Palabras clave: Estrategia de manufactura, prioridades competitivas, áreas de decisión estratégica, enfoques de gestión para la manufactura, 
industria colombiana.

1.  INTRODUCTION

Due to the growth of global competition and its effects 
on international operations, greater efforts in strategic 
planning have been undertaken in order to ensure the 
long-term survival of companies. From the strategic 
planning point of view, a topic of great interest in the last 
four decades has been the new role of the manufacturing 
system in the company’s competitive strategy.

Traditionally, the manufacturing system has been treated 
as a part of the company whose role is limited merely 
to address technical issues of production. However, due 
to the current competitive context, many companies 

have understood that the manufacturing system can 
become a powerful competitive weapon to improve their 
performance in the market. In this way, Manufacturing 
Strategy (MS) can be defined as a long-term plan for 
the production and operations system aimed to support 
the company’s corporate strategy. Despite the fact that 
this topic has been widely addressed in many scientific 
investigations, few studies on the subject have been 
conducted in the Colombian context.

Therefore, this article shows the results of a study 
undertaken in 36 companies located in the Colombian 
central-western region, aimed at analyzing the content 
of their manufacturing strategies. Specifically, the 
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study addressed three main aspects: a) the competitive 
priorities; b) the strategic decision areas and c) the 
management’s approach to manufacturing. According 
to the findings, two clusters of companies were 
identified. The first cluster (leader group) showed 
significant strengths in his MS and better performance. 
The second cluster (lagging group) showed important 
weaknesses in many areas and lower performance. 
Likewise, the results revealed that 8 strategic decision 
areas were directly related with the companies’ 
performance levels; however, the assessment of 
management’s approach to manufacturing shows that 
none of them had positive impacts on the companies.

This article is part of the research entitled “Impact of 
human resource management in operations strategy”, 
undertaken at the Universidad Nacional de Colombia.

2.  LITERATURE REVIEW AND HYPOTHESIS

The formal study of MS comes from the original 
contributions of Wickham Skinner [1, 2] and, since 
then, it has become a topic of growing interest in 
the scientific community over the past 40 years. The 
MS seeks to assign a strategic role for manufacturing 
systems beyond the traditional technical role given 
in the past [3]. Therefore, MS can be understood as a 
long-term plan for manufacturing systems containing 
decisions and strategic actions aimed to support the 
whole company’s strategy [4].

The MS addresses two main elements: the formulation 
process and the content. The formulation process 
establishes how to proceed in order to strengthen 
and deploy the capabilities of manufacturing systems 
according to the company´s long-term strategy [5]. 
The content addresses the goals and strategic decisions 
to face the competition. Traditionally the content 
encompasses two main aspects: competitive priorities 
and strategic decision areas [3]. However, we consider 
that it is necessary to take into account a third aspect: the 
management’s approach to manufacturing. These three 
topics, given the purpose of this article, are discussed 
in greater detail below.

2.1.  Competitive priorities 

The competitive priorities are the goals for 
manufacturing systems in order to increase the 
company’s competitive advantage [6]. Competitive 

priorities have been named in different ways such 
as manufacturing goals, manufacturing tasks and 
manufacturing outputs, among others [7].

In the 80’s, Miller [8], proposed a group of seven 
competitive priorities to guide the manufacturing 
system toward a better performance in the market: low 
cost, high quality, high service level, broad product 
portfolio, service attitude, product innovation and 
reaction to change. Due to the growth of international 
trade and the consequent increase of competitors, 
during the decade of the 90s new competitive priorities 
such as delivery, flexibility, and environmental 
responsibility became more relevant [9]. At present, 
there is a certain level of agreement on six main 
competitive priorities: cost, quality, flexibility, delivery, 
service and environmental responsibility [3,10-12].

In the Colombian context, few studies have been conducted ​​
regarding competitive priorities. According to the literature 
review, only one contribution in the metalworking sector 
[7,] and two in the apparel sector [13,14] were found. In the 
contribution of Sarache et al. [13] the so-called effectiveness 
indicator (EI) was developed. This indicator allows the 
performance assessment of manufacturing systems, based 
on their outcomes in competitive priorities. Because EI was 
applied in the present study, the mathematical expression 
is shown in equation 1.

𝐸𝐸𝐸𝐸𝑖𝑖 =  �𝑊𝑊𝑖𝑖𝑖𝑖 𝐶𝐶𝑖𝑖𝑖𝑖

𝑛𝑛

𝑗𝑗=1

 				    (1)

Where:

EIi: Effectiveness of manufacturing system at Company i.

Wij: Weight of competitive priority j at company i.

Cij:  Rating of competitive priority j at company i.

2.2.  Strategic decision areas 

The strategic decision areas for manufacturing systems 
greatly affect the company’s survival.  These are 
divided in structural and infrastructural decisions 
[3, 15, 16]. Structural decisions are characterized by 
their long-term impact not only because they require 
high investment but also because they significantly 
affect the manufacturing system’s capabilities. In 
turn, infrastructural decisions address the management 
processes in diverse company areas in order to support 
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the manufacturing system [17]. Table 1 shows the 
structural and infrastructural decisions according to 
various contributions.

Based on the above, the performance and orientation 
of MS depends on two main aspects: the performance 
in competitive priorities and the way companies adopt 
to focus their strategic decision areas.

Table 1. Strategic decision areas in manufacturing 
Structural decisions Infrastructural decisions

Processes 
Capacity 

Facility location 
Facility layout 

Supply/distribution

Human resources 
Products 

Planning and control  
Organization 
Work study 

Quality management
Source: Author´s elaboration based on contributions of 

[3],[5],[16] and [17].

In this sense, the hypothesis 1 and 2 are as follows:

Hypothesis 1. There are different profiles of companies 
according to their EI and the orientation of to their 
strategic decision areas.

Hypothesis 2. There is a relationship between the 
performance in the strategic decision areas and the EI 
achieved by companies.

2.3.  Management’s approach to manufacturing

Companies have adopted various management approaches 
that must be taken into consideration as a part of the content 
of manufacturing strategy. From a broad perspective, these 
approaches are based on management philosophies aimed 
to improve effectiveness and performance of production 
systems. The most recurrent management’s approach to 

manufacturing have been Just in Time (JIT) and Total 
Quality Management (TQM) [18,19], Total Productive 
Maintenance (TPM) [20], Theory of Constraints (TOC)
[21,22], 5s and Kaizen [23,24]. Such approaches are 
not applied in an isolated way, but rather they act in an 
interconnected manner which commonly occurs between 
TPM, TQM and JIT or between TQM and Kaizen [25]. 
These considerations support the hypotheses 3 and 4.

Hypothesis 3. There is a relationship between the 
implementation level of management’s approach to 
manufacturing and the EI achieved by companies.

Hypothesis 4. The management’s approach to 
manufacturing adopted by companies are applied in a 
complementary way.

3.  METHODOLOGY

3.1.  Population and sample

The study was conducted in large and medium-sized 
industrial enterprises located in the Colombian central-
western region. According to the government statistical 
reports, the population was composed of 48 companies. 
The survey was sent to production managers achieving 
a response rate of 75% (36 companies). Based on the 
contribution of [26], 11 semi-structured interviews 
were conducted in order to collect qualitative data to 
enrich the study outcomes. 

3.2.  Variables and measures

In this research, three groups of variables were addressed: 
competitive priorities, strategic decision areas and 
implementation of manufacturing management approaches. 
Table 2 summarizes the operationalization of variables.

Table 2. Variables, dimensions and measures used in the study
Variables Dimensions Measurement

Competitive 
priorities

Cost, quality, flexibility, delivery, service and 
environmental responsibility.

Performance assessment for each competitive priority regarding 
to the company’s main competitor (Likert scale 1-5).

Effectiveness indicator (EI) Application of equation 1

Strategic decision 
areas

Processes, capacity, facility location, facility layout, 
supply/distribution, human resources, products, 
planning and control, organization, work study and 
quality management.

Level of performance in every decisión areas according to the 
context, business requirements and market expectations (Likert 
scale 1-5).

Manufacturing 
management 
approaches

JIT, TQM, TPM, TOC, 5s and Kaizen
0: not used.

1-5: according to the level of implementation/functionality.
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3.3.  Tests of validity and reliability

The survey content was structured according to 
contributions obtained from the literature review; also, 
two experts evaluated it. The internal consistency, tested 
by Cronbach’s alpha coefficient, was 0.943, showing a 
high level of reliability [27]. By applying an analysis 
of variance among companies that responded to the 
survey and those that did not, the sample consistency 
was tested (F = 0.004, P-value ≥ 0.05 (0.950)).  These 
results also were verified by the Mann-Whitney U test, 
repeating the process for subsets of medium and large 
enterprises (U = 100; P-value ≥ 0.05 (0.094); F = 0.653 
for medium enterprises; F=1.681 for large enterprises; 
P-value = 0.429 for medium enterprises and 0,209 for 
medium enterprises).

Likewise, in order to improve the survey content, a 
pilot test in three companies was carried out. Finally, 
convergent validity was assessed by the principal 
component analysis factor with varimax rotation. The 
obtained solutions were suitable for all dimensions 
(KMO> 0.5; p-value <0.001 in all cases).

4.  RESULTS AND DISCUSION

4.1.  General description.

According to the results shown in Table 3, quality is 
the most important competitive priority, followed by 
service and deliveries. While cost was considered as the 
last, both flexibility and environmental responsibility 
were rated as satisfactory.

Table 3. Performance in competitive priorities

Competitive priority Statistic
Percentage of companies 
by level of performance

Mean S 1-2 3 4-5 Total
Quality 4.50 0.78 2.8% 8.3% 88.9% 100%
Service 4.14 0.80 2.8% 8.3% 88.9% 100%

Deliveries 3.97 0.74 2.8% 19.4% 77.8% 100%
Flexibility 3.83 0.94 8.3% 27.8% 63.9% 100%
Environmental Responsibility 3.81 0.98 8.3% 25.0% 66.7% 100%
Cost 3.58 1.03 13.9% 30.6% 55.5% 100%

Table 4 shows the results regarding strategic 
manufacturing decision areas. As is shown, 80.5% of 
companies consider that quality management is the 
best performing decision area. Although none of the 
analyzed decision areas showed a critical situation, a 

significant gap was detected in processes decisions, 
facility layout, work study and supply/distribution. 
This outcome clearly suggests the need of improvement 
programs in these decision areas to achieve a better 
performance in the manufacturing system.

Table 4. Performance in strategic decision areas

Strategic decision areas
Statistic Percentage of companies by score range

Mean S 1-2 3 4-5 Total
Quality management 4.08 0.84 5.6% 13.9% 80.5% 100%
Capacity 3.97 0.74 0.0% 27.8% 72.2% 100%
Products 3.97 0.85 5.6% 19.4% 75.0% 100%
Organization 3.97 0.77 5.6% 13.9% 80.5% 100%
Planning and control 3.86 0,72 5.6% 19.4% 75.0% 100%
Human resources 3.83 1.03 11.1% 19.4% 69.5% 100%
Facility location 3.64 1.02 11.1% 25.0% 63.9% 100%
Processes 3.64 1.07 13.9% 30.6% 55.5% 100%
Facility layout 3.64 1.05 13.9% 27.8% 58.3% 100%
Supply/distribution 3.58 0.77 8.3% 33.3% 58.4% 100%
Work study 3.42 1.05 16.7% 33.3% 50.0% 100%
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Table 5. Effectiveness index (EI)

Statistic
Company size

Global
Medium Large

EI 3.84 4.09 4.00
Maximum 4.66 4.75 4.75
Minimum 2.69 2.75 2.69
Median 3.84 4.10 4.07
Standard 
deviation 0.55 0.48 0.51

Coeff. of variation 14.2% 11.6% 12.7%
U de Mann-Whitney (99.500), p-value (0.100) > 0.05

By applying equation 1, the average EI for the group of 
surveyed companies was 4,0 ranging from 2.7 to 4.8 (See 
table 5). According to the scale proposed by Sarache 
[13], this result can be considered as satisfactory. On 

the other hand, no significant differences were found 
between medium and large enterprises. In general, the 
findings suggest that companies have a good level of 
performance in their competitive priorities that enable 
them to meet market needs adequately.

4.2.  Hypothesis testing

By applying K-means cluster analysis with Ward’s 
method, the hypothesis 1 was tested. Two groups of 
companies with significant differences in all variables 
were identified (see Table 6). The first cluster (named 
leader group), made up of 58% of the companies, 
showed better results not only in EI but also in the 
strategic decision areas compared with the second 
cluster (named lagging group).

Table 6.  ANOVA results for cluster analysis
Variable Cluster 1 Mean (S.D) Cluster 2 Mean (S.D) P-value

EI 4.21 (0.41) 3.71 (0.50) 0.002**
Capacity 4.38 (0.59) 3.40 (0.51) 0.000***
Facility location 4.05 (0.67) 3.07 (1.16) 0.003**
Processes 4.33 (0.66) 2.67 (0.72) 0.000***
Facility layout 4.33 (0.58) 2.67 (0.72) 0,000***
Supply/distribution 4.10 (0.44) 2.87 (0.52) 0.000***
Human resources 4.38 (0.67) 3.07 (0.96) 0.000***
Products 4.24 (0.77) 3.60 (0.83) 0.023*
Planning and control 4.14 (0.57) 3.47 (0.74) 0.004**
Organization 4.33 (0.58) 3,47 (0,74) 0.000***
Work study 3.86 (0.66) 2.80 (1.21) 0.002**
Quality management 4.48 (0.60) 3.53 (0.83) 0.000***

* Significant differences at 0.05; ** Significant differences at 0.01 *** Significant differences at 0.001.

Although the study did not address the management’s 
approach to manufacturing to avoid missing data 
because some companies do not apply them, an 

additional assessment showed that companies in cluster 
1 has a greater inclination towards implementing such 
approaches in their manufacturing systems (See Table 7).

Table 7. Management’s approach to manufacturing applied for each cluster

Management 
approaches

Cluster 1 Cluster 2

Not used Low Medium Good Not used Low Medium Good
JIT 10% 19% 19% 52% 40% 27% 26% 7%
TQM 5% 10% 18% 67% 40% 27% 26% 7%
TPM 10% 14% 33% 43% 47% 20% 33% 0%
TOC 29% 14% 19% 38% 47% 20% 20% 13%
5s 5% 10% 28% 57% 13% 53% 27% 7%
Kaizen 24% 10% 14% 52% 47% 27% 19% 7%
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The results in Table 8 partially support the hypothesis 
2. Among the eleven decision areas evaluated, only 
eight of them showed significant regression models 
that proved their direct relationship with EI. In the 

remaining decision areas (facility location, human 
resources and quality management) enough evidence 
was not found to establish some relationship with this 
indicator.

Table 8. Relationship between strategic decisions areas and EI

Variable
Spearman’s rho Regression

Coefficient P-value 𝛽̂𝛽0 𝛽̂𝛽1 F-Test 
(p-value) R2

EI (dependent variable) 1.000 .

Capacity 0.612*** 0.000 2.244*** 0.442*** 0.000*** 0.409
Facility location 0.305 0.070 3.440 0.154 0.068 0.095
Processes 0.592*** 0.000 2.971*** 0.282*** 0.000*** 0.355
Facility layout 0.510** 0.001 3.202*** 0.217** 0.006** 0.200
Supply/distribution 0.600*** 0.000 2.658*** 0.374*** 0.000*** 0.321
Human resources 0.232 0.173 3.615*** 0.100 0.236 0.041
Products 0.471** 0.004 3.045*** 0.240* 0.016* 0.159
Planning and control 0.329* 0.050 0.315*** 0.232* 0.050* 0.108
Organization 0.407* 0.014 2.772*** 0.309** 0.004** 0.221
Work study 0.418* 0.011 3.143*** 0.251** 0.001** 0.269
Quality management 0.285 0.092 3.317*** 0.167 0.103 0.076

* Significant at 0.05. ** Significant at 0.01. *** Significant at 0.001.

On the other hand, the regression analysis exposed in 
Table 9, indicates that implementation of management’s 
approach to manufacturing does not affect the EI. 
None of the analyzed management approaches 

showed significant results. Even more, the coefficient 
of determination (R2) was very low in most cases; 
therefore, it was not possible to find statistical support 
for hypothesis 3.

Table 9. Relationship between EI and management’s approach to manufacturing

Variable
Spearman’s rho Regression

Coefficient P-value 𝛽̂𝛽0 𝛽̂𝛽1 
F-Test 

(p-value) R2

EI (dependent variable) 1.000 .

JIT 0.338 0.079 0.3869*** 0.063 0.305 0.040
TQM 0.032 0.869 4.040*** 0.010 0.900 0.001
TPM 0.074 0.715 3.986*** 0.025 0.787 0.003
TOC 0.127 0.564 3.975*** 0.033 0.692 0.008
5s 0.257 0.149 3.698*** 0.103 0.172 0.059
Kaizen 0.208 0.330 3.939*** 0.049 0.509 0.020

*** Significant at 0.001.

Regarding hypothesis 4, a factor analysis with varimax 
rotation that showed adequate results at 0.001 was 
carried out (KMO = 0.783 Test, P-value <0.001; 
communalities greater than 0.5). Through this analysis, 
two factors were extracted with a total explained 
variance of 85.13%. That is, the management’s 
approach to manufacturing can be grouped  in two 

factors: the first one made up of JIT, TQM, TPM 
and TOC; the second one made up of 5S and Kaizen 
(see Table 10). However, because both factors are 
located over one of the quadrants  of the Figure 1, it is 
possible to conclude that all management’s approach 
to manufacturing are closely related, complementing 
each other, whereby the hypothesis 4 is validated.
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Table 10. Rotated Component Matrix

Management 
approaches

Component
1 2

JIT 0.240 0,858
TQM 0.635 0,664
TPM 0.652 0,664
TOC 0.128 0,893
5S 0.949 0,095

Kaizen 0.879 0,328

Figure 1. Rotated Component graphic

5.  CONCLUSIONS 

According to their competitive results, companies can 
be classified into a leader group or into a lagging group. 
Compared with the lagging group, the leader group 
showed better performance in its competitive priorities 
(average EI = 4.21) and a higher level of development 
in both strategic decisions areas and management’s 
approach to manufacturing. Regarding the size, there 
was no significant difference between medium and 
large companies.

Also, the surveyed companies consider that the two of 
the most important competitive priorities are quality and 
cost. However, when the performance level was assessed, 
the cost showed the lowest rating. This finding indicates 
that companies must review their strategic decision areas 
and their management’s approach to manufacturing in 
order to achieve a better performance level.

In addition, the study showed that a proper development 
of strategic decision areas positively affects the 

performance of competitive priorities. According 
to the results, capacity, processes, facility layout, 
supply/distribution, products, planning and control, 
organization and work-study are the decision areas 
that generate a greater effect on a firm’s performance.

Furthermore, although the quality was the most 
prominent competitive priority, efforts regarding 
quality management are not generating the expected 
positive effects. Based on this result it is possible to 
infer that the quality management systems adopted by 
enterprises should be reviewed and improved.

Regarding management’s approach to manufacturing 
two findings were significant. First, its level of 
implementation is still not adequate in most companies 
and many of them do not have a clear idea about its 
proper application. Second, there was no statistical 
evidence to establish that such approaches positively 
affect the firm’s performance in their competitive 
priorities.

6.  REFERENCES

[1] Skinner, W., Manufacturing Missing Link in Corporate 
Strategy, Harvard Business Review, 47 (july-August), pp. 
136-145, 1969.

[2] Skinner, W., The focused factory. Harvard Business 
Review, May-June, pp. 113-121, 1974.

[3] Martín, M. Y Díaz, E., Posicionamiento estratégico de 
las empresas industriales en las prioridades competitivas 
de operaciones: desarrollo y aplicación de un indicador de 
medida. Cuadernos de Economía y Dirección de la Empresa, 
39, pp. 59-94, 2009.

[4] Domínguez-Machuca, J.A., Álvarez-Gil, M., Domínguez-
Machuca, M.A., García-González, S. Y Ruiz-Jiménez, A., 
Dirección de Operaciones: aspectos estratégicos en la 
producción y los servicios, McGraw-Hill, Madrid, 1995.

[5] Boyer, K., Swink, M. and Rosenzweig, E., Operations 
strategy research in the POMS journal. Production and 
Operations Management,14(4), pp. 442-449, 2005.

[6] Li, S. and Scullion, H., Developing the local competence 
of expatriate managers for emerging markets: A knowledge-
based approach.  Journal of World Business, 45 (2), pp. 
190-196, 2010.  



Vivares-Vergara et al / Dyna, year 81, no. 183, pp. 140-147, February, 2014. 147

[7] Sarache, W., Cárdenas, D. Y Giraldo, J., Procedimiento 
para la definición y jerarquización de prioridades competitivas 
de fabricación. Aplicaciones en las pymes de la industria 
metalmecánica. Ingeniería y Competitividad, 7(2), pp. 84-
91, 2005.

[8] Miller, S., Make Your Plant Manager’s Job Manageable. 
Harvard Business Review, 1 (1), pp. 69-74, 1983.

[9] Olhager, J. and West, B.M., The House of Flexibility. 
Using the QFD approach to Deploy Manufacturing 
Flexibility. International Journal of Operations & Production 
Management, 22 (4),      pp.  50-79, 2002.

[10] Ahmad, S. and Schroeder, R.G., The impact of human 
resource management practices on operational performance: 
recognizing country and industry differences. Journal of 
Operations Management, 21, pp. 19-43, 2003.

[11] Boyer, K.K. and Lewis, M.W., Competitive priorities: 
investigating the need for trade-offs in operations strategy. 
Journal of Production and Operations Management, 11 (1), 
pp. 1-13, 2002.

[12] Askar, M. and Mortagy, A.K., Assessing the relative 
importance of competitive priorities in Egyptian Companies. 
Advanced Management Journal, 72 (3), pp. 35-46, 2007.

[13] Sarache, W., Modelo con enfoque estratégico y 
procedimientos para contribuir al incremento del nivel de 
desempeño de las PyMEs de confección desde la función 
de producción. Tesis doctoral, Universidad Central de Las 
Villas, Santa Clara, Cuba, 2003.

[14] Sarache, W., Castrillón, O. and  Giraldo, J., Prioridades 
competitivas para la industria de la confección: estudio de 
caso. Cuadernos de Administración, 24(43), pp. 89-110, 
2011.

[15] Krajewski, L.J., Ritzman, L.P. and  Malhotra, M.K., 
Administración de operaciones. Procesos y cadenas de valor. 
Octava edición, Pearson Educación, México, 2008.

[16] Ibarra, S. and Sarache, W., Dirección de la producción: 
su papel estratégico en la productividad. En: Colectivo de 
autores (Ed.). Gestión de la producción: una aproximación 
conceptual, Unibiblos. Bogotá, 2008. 

[17] Miltenburg, J., Manufacturing strategy. How to 
formulate and implement a winning plan. Second edition, 
Productivity Press, New York, 2005.

[18] Zapata, A. and Sarache, W., Calidad y responsabilidad 
social empresarial: un modelo de causalidad. Dyna, No. 
177, pp.31-39, 2013.

[19] Escanciano, C. and Iglesias-Rodriguez, F. Quality 
management and integrated total quality in Spanish mining: 
results of an empirical study. Dyna, No. 171, pp. 167-174, 
2012.

[20] Kumar, R., Kumar, D. and KUMAR, P. Manufacturing 
excellence through TPM implementation: a practical 
analysis. Industrial Management & Data Systems, 106(2), 
256-280, 2006.

[21] Inman, R., Lair, M. and Green JR, K., Analysis of 
the relationships among TOC use, TOC outcomes, and 
organizational performance. International Journal of 
Operations & Production Management, 29(4), pp. 341-356, 
2009.

[22] Goldratt, E. Y Cox, J., La Meta. Un proceso de mejora 
continua, Ediciones Castillo, México, D.F., 1995.

[23] Bayo, A., Bello, A. and Merino, J., 5S use in 
manufacturing plants: contextual factors and impact on 
operating performance. International Journal of Quality & 
Reliability Management, 27(2), pp. 217-230, 2010.

[24] Magnier, R., Getting ready for kaizen: organizational 
and knowledge management enablers. The Journal of 
Information and Knowledge Management Systems, 41(4), 
pp. 428-448, 2011.

[25] Kaur, M., Singh, K. and Singh, I., An evaluation of the 
synergic implementation of TQM and TPM paradigms on 
business performance. International Journal of Productivity 
and Performance Management, 62(1), pp. 66-84, 2013.

[26] Valles, M.S., Técnicas cualitativas de investigación 
social. Reflexión metodológica y práctica profesional, 
Editorial Síntesis, Madrid, 1997.

[27] Hernández, R. Y Fernández, C., Baptista, P., Metodología 
de la investigación. 4ª edición, McGraw-Hill, México, D.F., 
2006.



Dyna, year 81, no. 183, pp. 148-157.  Medellin, February, 2014.  ISSN 0012-7353

COMPUTER-AIDED DIAGNOSIS OF BRAIN TUMORS USING 
IMAGE ENHANCEMENT AND FUZZY LOGIC

DIAGNÓSTICO ASISTIDO POR COMPUTADORA DE TUMORES 
CEREBRALES UTILIZANDO MEJORA DE LA IMAGEN Y LÓGICA 

DIFUSA
JEAN MARIE VIANNEY-KINANI

M.Sc., Instituto Politécnico Nacional de México,jeanmariekinani@yahoo.com.mx

ALBERTO J. ROSALES-SILVA
Ph.D., Instituto Politécnico Nacional de México, arosaless@ipn.mx

 FRANCISCO J. GALLEGOS-FUNES
Ph.D., Instituto Politécnico Nacional de México, fgallegosf@ipn.mx

ALFONSO ARELLANO
Specialist in Neurosurgery, Instituto de Neurología y Neurocirugía de México, alfonso_arellano@yahoo.com

Received for review January 21 th, 2013, accepted August 12th, 2013, final version September, 10 th, 2013

ABSTRACT: A robust medical image processing system depends upon a variety of aspects, including a proper image enhancement, and 
an optimal segmentation. An algorithm was proposed in this paper to facilitate the implementation of these two steps. First a Magnetic 
Resonance (MR) image is enhanced via spatial domain filtering and its contrast is improved, next, the image is segmented using fuzzy 
C-mean clustering, then the region of interest which might be the tumor or edema, is detected and delineated. The key advantage of this 
image processing pipeline is the simultaneous use of features computed from the intensity properties of the image in a cascading pattern 
which makes the computation self-contained. Performance evaluation of the proposed algorithm was carried out on brain images from 
different MRI’s and the algorithm proved to be successful, comparing it with other dedicated applications. 

Key words: MRI, Region of interest, Segmentation, Clustering. 

RESUMEN: Un sistema de procesamiento de imágenes médicas robusto depende de una variedad de aspectos, incluyendo una mejora 
apropiada de la imagen, y una segmentación óptima. En este artículo se propone un algoritmo para facilitar la implementación de estos dos 
pasos. En primer lugar, una imagen de resonancia magnética (RM) se mejora vía filtrado en el dominio espacial y también se mejora su 
contraste, luego, la imagen se segmenta utilizando el agrupamiento difuso “fuzzy C-means” (FCM), posteriormente, la región de interés, 
que puede ser el tumor o edema, se detecta y delinea. La ventaja clave de esta canalización de procesamiento de imagen es el uso simultáneo 
de características calculadas a partir de las propiedades de intensidad de la imagen en un patrón en cascada que hace que el cálculo sea 
auto-contenido. La evaluación del rendimiento del algoritmo propuesto se llevó a cabo en imágenes cerebrales de diferentes sistemas de 
resonancia magnética, el algoritmo desarrollado probó ser exitoso en comparación a otras aplicaciones relacionadas.

Palabras clave: IRM (Imagen de Resonancia Magnética), Región de interés, Segmentación, Algoritmo de agrupamiento.

1. INTRODUCTION

For every person diagnosed with brain tumor, their life 
expectancy decreases by 22 years on average. Due to their 
location, i.e., at the center of thought, physical function 
and emotion, brain tumors are difficult to diagnose and 
treat, and as a result, their death toll both in adults and 
children is highly disturbing. In many case, brain tumors, 
like any other type of cancer are a result of uncontrolled 
growth of brain cells, which may spread across the brain 
if not taken care of. For this reason, timely diagnosis and 

steady monitoring are imperative. As part of oncologic 
imaging, computer-aided diagnosis of these unhealthy 
tissues is not only of high interest in serial treatment 
monitoring of disease burden (i.e.,the impact this health 
problem may have in terms of financial cost, mortality, 
morbidity etc), but is also getting popular in many 
image guided surgical approaches. Using T1 weighted 
MR images which are obtained after administration of 
a contrast agent (gadolinium), our proposed algorithm, 
focuses on identifying brain structures, i.e., white matter, 
gray matter, cerebral spinal fluid, and then, it detects any 
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abnormal region that always stands out due to its intensity 
spectrum; and with limited user interaction, the algorithm 
uses predefined parameters quantifying this region of 
interest (ROI) intensity to delineate it with higher precision 
thus facilitating subsequent treatment processes. Most of 
medical imaging modalities obtain images of gray scale 
intensities, including MRI’s. It turns out that these images 
have noise, artifacts, poor resolution and contrast due 
to instrument and reconstruction algorithm limitations 
or even patient movement; this makes auto diagnosis 
a challenging task, and the algorithm’s advantages and 
disadvantages may vary depending on the properties of the 
image under examination. Due to the image deterioration 
factors mentioned above, it’s hard to develop a standard 
approach capable of working with all MR brain images 
[1]. For this reason, tradeoffs have always been present in 
computer-aided diagnosis systems. However, comparing 
our fuzzy clustering-based method to other methods like 
classifier, region growing, neural networks, deformable 
model-based systems, a big advantage of our approach is 
recognized especially when it comes to dealing with the 
adverse factors mentioned [2]. 

2. METHODOLOGY

2.1 Preprocessing

Medical images are often deteriorated by noise due to 
various sources of interference and other phenomena 
that affect the measurement processes in imaging 
and data acquisition systems. The nature of the 
physiological system under investigation may also 
diminish the contrast and the visibility of details [3]. 
Thus, pre-processing helps in generating enhanced 
versions of the original image that demonstrate certain 
features in manner that is better in some sense as 
compared to their appearance in the original image. 
Depending on the nature and quality of the original 
image, different methods are used to enhance the 
visibility of the image, among them, filtering, histogram 
equalization, intensity scaling, compensation for 
nonlinear characteristics, etc. In the methodology 
proposed, spatial filtering and histogram equalization 
were adopted because they turned out to be effective 
in dealing with most of the problems that show up in 
the post-acquisition phase, and this is the right way to 
tackle the issue since other types of artifacts are best 
taken care of during the acquisition process [4].

2.1.1.  Filtering

In the proposed algorithm, filtering was carried out in the 
spatial domain using a Laplacian Filter. The Laplacian 
operator is an example of a second order method of 
enhancement. The Laplacian proved to be good at 
finding the fine detail in an MRI image in a much better 
way compared to other spatial filters like the median, 
Gaussian, gradient or fuzzy filters, because it sharpens 
the image in a manner that portrays the heterogeneity of 
the image components in a much clearer view, and this 
is thanks to the fact that it is a second derivative operator 
that works successfully on heterogeneous images like 
MR images [5]. This filter is implemented by applying a 
Laplacian to an image f(x, y) as follows:

2 2
2

2 2

( , ) ( , )( , ) f x y f x yf x y
x y

∂ ∂
∇ = +

∂ ∂
,		  (1)

Commonly used digital approximations of the second 
derivative are:

( ) ( ) ( ) ( ) ( )2 1, 1, , 1 , 1 4 ,f f x y f x y f x y f x y f x y∇ = + + − + + + − −   ,

						      (2)

After this transformation we obtain a sharper image 
with a higher degree of heterogeneity better suited for 
further processing.

2.1.2.  Histogram equalization

Another way to improve the quality of MR images was 
through the enhancement of their contrast. This is a 
very important aspect for subsequent processing phases, 
because it produces images that have the same contrast, 
hence ensuring a consistent response from the detection 
algorithm. This adjustment was carried out using histogram 
equalization technique, because it is fully automatic, can 
cover the entire gray scale which means there is no loss 
of information, and is based on information that can be 
extracted directly from the given image without the need 
for further parameter specification.

Suppose the intensity levels are continuous quantities 
normalized to the range [0, 1] and let ( )rp r denote 
the probability density function (PDF) of the intensity 
levels in a given MRI image, where the subscript is 
used for differentiating between the PDFs of the input 
and output images[5]. Suppose that we perform the 
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following transformation on the input levels to obtain 
output (processed) intensity levels s,

( ) ( )
0

r

rs T r p w dw= = ∫ ,			   (3)

where w is a dummy variable of integration and r is 
in the range [0, L-1], we define L being the gray scale 
intensity levels, with r=0 representing black and r=L-1 
representing white. It can be shown that the PDF of the 
output levels is uniform, that is,

( )
1 0 1
0s

for s
p s

otherwise
≤ ≤

= 


.		  (4)

In other words, the preceding transformation generates 
an image whose intensity levels are equally likely, and 
in addition covers the entire range [0, 1]. The net result 
of this intensity-level equalization process is an image 
with increased dynamic range, which will tend to have 
a higher contrast, and when applied to the MR image, 
the sharpness increases  and our detection stage will 
be more efficient since we will be dealing with images 
whose contrast has increased. 

2.2.  Segmentation

The principal goal of the segmentation process is to 
partition an image into regions (also called classes 
or subsets) that are homogeneous with respect to one 
or more characteristics or features [3]. In medical 
imaging, the segmentation step is important for 
feature extraction, image measurement and display, 
classification of image pixels into anatomical regions or 
pathological regions such as cancer (tumor in our case), 
tissue deformities, among others. There are a number 
of methods used for this classification task, and each 
of them maybe selected depending on the application 
and the type of image to be dealt with. In our case, the 
most preferable was fuzzy classification due to reasons 
that will become clear in the next sections.   

2.2.1.  Fuzzy C-mean Clustering

One of the well-established concepts in image 
segmentation is pixel classification. This concept 
assumes that the pixels in each subclass (tissue) have 
nearly constant intensities, which is true for anatomical 
structures with similar physiological properties [3]. 

This applies to structures like White Matter (WM), 
Gray Matter (GM), or the Cerebral Spinal Fluid (CSF) 
that are found in the brain. This is also true for the 
unhealthy tissues like tumors because the cells that 
make up these tissues present similar physiological 
properties, thus uniformly responding to the BO field 
and the Radio-frequency system of the MRI. And for 
this reason, they always stand out in the classification 
process, since their intensity spectrum differs from the 
rest of other tissues; in this regard, any tissues in the 
MR image whose intensity spectrum differs from the 
WM, GM and CSF spectra and is spatially found in 
one of these tissues’ locations will always be treated as 
a region of interest that catches the doctor’s attention. 
This explains why our diagnosis methodology seeks to 
sort out all the tissues that show up in the MR brain image 
using an adaptive classification method, that is, a method 
that is capable of estimating the centroid and bounds of each 
tissue in an adaptive fashion. It was proved that the right tool 
for this identification process would be fuzzy classification 
as a clustering technique since it classifies pixels in their 
respective clusters [6] bearing in mind the variability of 
gray value along with pixel statistical uncertainty due to 
the randomness [7].

We can now define a family of fuzzy partition matrices 
Mfc, for the classification involving c classes (clusters) 
and n data points (pixels):

1 1
U [0, 1]; 1; 0

c n

fc ik ik ik
i k

nM µ µ µ
= =

 = | ∈ = < < 
 

∑ ∑


,	

						      (5)

where U fcM∈


is a fuzzy c-partition, ikµ is the 

membership value that the k-th pixel has in the i-th 
cluster, with i= 1, 2,…,c, and k = 1, 2,…,n; c being the 
number of clusters, and n the number of pixels, and 

ikµ must have the following restrictions:

( ) [ ]0,1
iik A kxµ µ= ∈ ,			   (6)

1
1, 1, 2, ,

c

ik
i

for all k nµ
=

= =∑ 
,		  (7)

with A being a family of fuzzy sets, and x, the data 
sample. It follows from the overlapping character of 
the classes and the infinite number of membership 
values possible for describing class membership that 



Vianney-Kinani et al / Dyna, year 81, no. 183, pp. 148-157, February, 2014. 151

the cardinality of Mfc is also infinity, that is, 
fcMη = ∞

[8].

To describe a method to determine the fuzzy c-partition 
matrix U



 for grouping a collection of n data sets (i.e., 

n pixels that quantify the corresponding intensities of 
our MR image) into c classes (i.e., c brain tissues 
including our ROI), we define an energy function Jm 
for a fuzzy c-partition [8],

( ) 2

1 1
U, ( ) ( )

n c
w

m ik ik
k i

J dµ
= =

=∑∑v


,		  (8)

where
1

2
2

1
( ) ( )

m

ik k i kj ij
j

d x vd
=

 
= − = − 

 
∑x v .		 (9)

with dik representing the Euclidean distance between 
the i-th cluster center and the k-th pixel (data point in 
m space or k-th pixel’s intensity); and the parameter v

is a vector of cluster centers. Another parameter 
introduced in (8) is w, called a weighting parameter 
whose value has a range [1, )w∈ ∞ . This parameter 
controls the amount of fuzziness in the classification 
process.

Furthermore, in (9) appears iv  which is the i-th cluster 
center, and is described by m features (m coordinates) 
that can be arranged in vector form, that is,

1 2{ , ,.... }i i i imv v v=v . 

Each of the cluster centers mentioned above can be 
calculated in the following manner: 

( )
1

( )
1

n wxik ikkv nij w
ikk

µ

µ

∑
==
∑
=

,			  (10)

where j is a variable on the feature space, that is, j = 1, 
2, . . .,m. and i, k define the cluster and pixel number 
respectively. 

It should be pointed out that the function Jm can have a 
large number of values, the smallest one associated with 
the best clustering or in our case, the best detection. 
Because of the large number of possible values (now 
infinite due to the infinite cardinality of fuzzy sets) we 
seek to find the best possible, or optimum, solution 

without resorting to an exhaustive, or expensive, 
search.

The optimum fuzzy c-partition will be the smallest of 
the partitions described in (8), that is,

( ) ( )* * *U , min U,
fc

m M
J J=v v

 

.			   (11)

As with many optimization processes, the solution 
to (11) cannot be guaranteed to be a global optimum 
because of its fuzziness in nature. What we seek is 
the best solution available within a prespecified level 
of accuracy. To get to this, an iterative optimization 
algorithm proved to be the best option [8].The steps 
of this algorithm are as follows:

1.  Fix c (2 ≤ c < n) and select a value for parameter w 
depending on the degree of fuzziness of the images 
to be processed (w>1). Initialize the partition matrix,

(0)U


. Each step in this algorithm will be labeled r, 

where r = 0, 1, 2, .…It should be noted that c was 
chosen to be equal to 4, referring to Cerebral Spinal 
fluid, White matter, Gray matter and region of 
interest, i.e. tumor/edema.

2.  Calculate the c centers { }( )r
iv for each step.

3.  Update the partition matrix for the r-th step, ( )U r



, 
as follows:

12
1( )

( 1)
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1
,    for I

wrc
r ik

ik kr
j jk

d
d
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−
−

+

=
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∑ ,(12)

or,

( 1) 0r
ikµ + = ,					     (13)

for all classes i where i ∈ Ik,  with,

( ){ }( )2 ; 0I r
k iki c n d= | ≤ < = ,	 (14)

and,

I {1, 2, ..., } Ik kc= −


,			   (15)

and,
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k

( 1)

I
1r

ik
i

µ +

∈

=∑ .				    (16)

If,

( 1) ( )U Ur r
Lε

+ − ≤
 

,				    (17)

then stop, otherwise set  r=r+1 and return to step 2.

The parameters ( )U r



and ( 1)U r+



represent the partition 
matrix for the rth and the (r+1)th steps respectively, as it 
was mentioned in step 1 and 3 of the algorithm. And the 
parameter Lε represents a prescribed level of accuracy 
that is used to determine whether the solution is good 
enough to stop the algorithm. This comparison of a 
matrix norm || of two successive fuzzy partitions to a 
prescribed level of accuracy, εL, is due to the restrictions 
of (11). 

In step 3, there is a considerable amount of logic 
involved in (12)–(16). Equation (12) is straightforward 
enough, except when the variable djk is zero. Since this 
variable is in the denominator of a fraction, the 
operation is undefined mathematically, and computer 
calculations are abruptly halted. So the parameters Ik 
and  Ik



 comprise a bookkeeping system to handle 
situations when some of the distance measures, dij, are 
zero, or extremely small in a computational sense. If a 
zero value is detected, (13) sets the membership for 
that partition value to be zero. Equations (14) and (15) 
describe the bookkeeping parameters Ik and Ik



, 
respectively, for each of the classes. Equation (16) 
simply says that all the nonzero partition elements in 
each column of the fuzzy classification partition, U



 
sum to unity [9], [10].

2.2.2.  Level set methods

Level set methods (LSM) seek to define the active 
contours of ROI through the evolution of a numerical 
level set equation, which is actually a Hamilton-Jacobi 
equation [11], [12]:

0

0

(0, , ) ( , )

F
t

x y x y

φ φ

φ φ

∂ + ∇ =
∂

 =

,			   (18)

0 ( , )x yφ where F represents comprehensive forces, 

including internal forces from the interface geometry 
like mean curvature, contour length, area and external 
forces from image gradient. φ is the level set function 
and,  0 ( , )x yφ  is the initial contour. A complete level 
set equation can actually be written as:

( ) ( , ),

where 

( ) ,
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with,

2

1
1 ( * )

g
G Iσ

=
+ ∇

.				    (20)

Equation (19) is an edge indication function that 
regularizes F in order to stop level set evolution near 
the optimal solution [13]. The constants , , andµ λ ν  
control the individual contribution of the terms above 
and they are tuned using trial by error method, and 
they vary from case to case. In our experiment these 
values varied from (0.01 to 0.3), (0.1 to 7), (-2 to 2) 
respectively.

Basically, the terms ( , )gξ φ  attracts the level set 
function towards the variation boundary, and ( )ζ φ           
forces the function to approach the genuine signed 
distance function automatically. And the Dirac function 
is computed as follows [14]:

0,
( ) 1 1 cos

2

x
x x xα

α
δ π α

α α

 >
=    + ≤     

,		  (21)

whereα is a constant regulating the Dirac function 
and is tuned using trial by error method . The 
interface defined as ( )tΓ  can be determined by 
tracking the values of level set function according to 
the conditions,( , , ) 0....( , ), inside ( )

( , , ) 0....( , ), at ( )
( , , ) 0....( , ), outside ( )

t x y x y t
t x y x y t
t x y x y t

φ
φ
φ

< Γ
 = Γ
 > Γ

.		 (22)
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The steps of the proposed algorithm are shown in 
figure 1 below. 

Figure 1. Flow diagram of the proposed computer-aided 
diagnosis algorithm.

3.  EXPERIMENTAL RESULTS AND ANALYSIS

The experiments were carried out on MR brain images 
baring different resolutions varying between 1.5 to 
4mm/pixel. The algorithm was implemented using 
MATLAB R2007b (Mathworks), on the Windows 7 
operating system, and 3.00 GHz dual processor; its 
execution time was about 15 seconds which is quite 
acceptable. Another overwhelming advantage was the 
precision to track even the most negligible intensity 
change, which implies that our algorithm could carry 
out a quicker and more reliable diagnosis than a general 
clinician, especially in case of poor quality MR images 

because human eye is unable to trace these changes 
so easily.  

 
Figure 2. Patient 1.Original image.

As mentioned, the original image is preprocessed 
using the methods mentioned in Section 2, and then 
brain structures are categorized into white matter, 
gray matter, cerebral spinal fluid and the unhealthy 
tissue. Then, this tissue is selected and the algorithm 
works to define its contour. To carry out a much more 
reliable segmentation, it is necessary to find the region 
that has minimum energy, i.e., the region where the 
intensity shift is not that sharp. An example was taken 
and displayed in figure 2 where a gray matter region 
measuring 52 levels of intensity (index) is weighed 
against a white matter region in its vicinity measuring 
91 levels of intensity. Taking into account the whole 
image’s intensity spectrum, this intensity difference 
is not that big, and this is confirmed by the negligible 
difference of lightness of the two regions. Our fuzzy 
c-mean clustering should be able to segment this 
neighborhood into 2 different regions, so as to identify 
the expansion of the region of interest.
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Figure 3. Processed images portraying FCM segmentation 
results of patient 1. (a) Original image, (b) brain tumor 
edges, (c) Cerebrospinal fluid (CSF) along with septum 

pellucidum, (d) White matter, (e) tumor area (f) gray matter.

As far as the tissues classification is concerned, one can see 
that in Figure 3, the fuzzy c-mean clustering routine takes in 
an MRI image (a) which was cleaned according to Section 
2.1, processes it, using the classification scheme described 
in 2.2.1, then it outputs five different clusters (b)-(f) that 
correspond to five different types of regions, including 
the ROI. It is obvious that this fuzzy clustering phase is 
capable of detecting even very tiny shifts in intensity levels 
as portrayed on figure 2; this undoubtedly demonstrates 

the sensitivity of the system. This is followed by a ROI 
boundary definition that shows exactly the expansion of 
this region relative to the entire original image.

Figure 4. Comparison of the original image (a) with its 
corresponding processed image (b).

Figure 4 illustrates the final results (in green) of active 
contouring as described in equation (21). These results were 
obtained after 110 iterations. One can see that the image 
(b) portrays the contour of the tumor relative to the other 
tissues, and this delineation is obtained from the results of 
Figure 3(b) previously obtained from FCM segmentation.

 
Figure 5. Patient 2. Original image

Figure 5 illustrates the intensity distribution of a 
different patient’s MR image, with very tiny intensity 
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shift along the tumor edge. However, the FCM should 
detect this transition with accuracy. 

Figure 6. Patient 2 tissue classification, a) original image, 
b) septum pellucidum, c) white matter, d) cranium, e) gray 

matter along with edema, and f) tumor.

In figure 6, patient 2 who is in critical condition is 
diagnosed, as one can see his septum pellucidum was 
shifted upward (b) due to the expansion of edema that 
appears in (e). (c) Shows white matter tissues which 
were reduced because of the edema that spread over. 
Then (d) carries the cranium contour, whereas (e) 
portrays the gray matter intertwined with the edema. 
And (f) illustrates the tumor region. These results were 

obtained after FCM processing of figure 6(a) and, the 
specialist chooses his image of interest so that the level 
set method may give a final result of detection.

Figure 7. Patient 2 final results a) original image  b) 
Tumor contour.

Figure 7 demonstrates two images, one being the input 
image, and the other one being the final processed image, 
where the tumor region is well outlined in spite of a 
cluttered neighborhood, and one can see clearly the high 
sensitivity of the system by comparing the two images. 
The tumor intensity spectrum is not that sharp, yet the 
algorithm can still trace its boundaries with high sensitivity.

Talking about the sensitivity, a quantitative evaluation of 
the performance and reliability of our system was carried 
out by numerically computing both the sensitivity and 
specificity using 75 images. Table 1, shows the results 
of the proposed method as compared to the neurologist’s 
findings. The sensitivity of the system quantifies its ability 
to correctly identify subjects with the disease condition. In 
other words, it is the proportion of true positives (TP) that 
are correctly identified by the system, given by:

Table 1. Comparative results of the diagnostic test
Results 
of the 

proposed 
method

Results of Gold Standard test 
(as determined by the neurologist)

Positive Negative Row Total

Positive 32 
(TP)

2 
(FP)

34 
(TP+FP)

Negative 1 
(FN)

40 
(TN)

41 
(FN+TN)

Column 
Total

33 
(TP+FN)

42 
(FP+TN)

75 
(TP+TN+FP+FN)
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TPSensitivity
TP FN

=
+

	 (23)

where FN represents the false negatives, and (TP+FN) 
represents the total number of subjects with the 
condition. On the other hand, the specificity is the 
ability of a system to correctly identify subjects without 
the condition. In other words, it is the proportion of 
true negatives (TN) that are correctly identified by the 
system:

TNSpecificity
FP TN

=
+

			   (24)

where FP represents the false positives, and (FP+TN) 
represents total number of subjects without the 
condition. Based on the results presented in Table 
1, the sensitivity and specificity of the system is 32/
(32+1)=0.97 and 40/(2+40)=0.95 respectively. 

Finally, another statistic that was used to measure the 
reliability of our system is the accuracy, which is the 
proportion of true results, either true positive or true 
negative, in a population. It measures the degree of 
veracity of a diagnostic test on a condition, and is 
given by:

TP TNaccuracy
TP FP FN TN

+
=

+ + +
		  (25)

with (TP+FP+FN+TN) representing total number of 
subjects in study. Therefore the accuracy is (32+40)/
(32+2+1+40)=0.96 in other words, 96% accurate.

4.  CONCLUSION

The work mainly focused on the development of an 
algorithm that could promptly and accurately diagnose 
brain tumors even in their early stage of growth using 
both statistical and fuzzy methods. This was not an easy 
task due to the poor quality of some of the MR images; 
however, our preprocessing phase alleviated this issue 
significantly, thus facilitating the implementation of 
subsequent processing. A fuzzy c-mean clustering 
was implemented to classify different brain structures 
thereby allowing the detection of unhealthy tissues 
whose intensity span differed from the healthy ones i.e. 
white matter, gray matter, and cerebral spinal fluid. This 
method proved to be quite successful in the 75 cases 
studied; because it could accurately (96% of accuracy) 
process these images irrespective of their resolution. 

Using the controlling parameters generated by this 
clustering phase, a level set method could delineate 
these unhealthy regions, outlining their shape, position 
and expansion. This contour definition is normally the 
hardest task in manual segmentation due to changes 
in intensity as well as manual variations, (i.e., the 
manual segmentation’s low degree of repeatability 
which is always present, even with the most meticulous 
surgeons). It is worth mentioning that an error of 
4% i.e., (100-96% of accuracy) was due to artifacts 
generated by the brain tissues’ heterogeneity, as it was 
proved by two false positives generated during the 
experiment.
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ABSTRACT: Densification and shrinkage behaviour of ceramics or other powder materials can be predicted in a simple manner by using 
the master sintering curve. In this work, the densification data required to construct the master sintering curve of a 3-mol% yttria stabilised 
zirconia powder have been obtained. Bulk samples prepared by cold pressing, as well as thick films made of the same powder applied to a 
rigid substrate, were sintered. The free and constrained sintering experiments have been performed applying three different heating rates, 
with and without isothermal step at a maximum temperature of about 1450 °C. The shrinkage of the samples was measured in situ during 
densification using a push rod dilatometer. Also, a conventional box furnace was used, applying the same heating schedule, to compare the 
results. Microstructural analysis has been achieved by using scanning electron microscopy, environmental scanning electron microscopy, 
and optical microscopy. An acceptable agreement was obtained between similar samples sintered in the dilatometer and the box furnace, 
indicating that the dilatometer data could be used for both environments. The bulk samples reached lower densities than the films, probably 
due to their lower initial densities. For the samples free of constraint, a master sintering curve was achieved with an activation energy 
of 550 kJ mol-1. For the constrained case, problems associated with the substrate and the uncertainties in the measurements hindered the 
characterisation of the film, i.e., a single master sintering curve could not be produced.

Key words: Yttria stabilised zirconia, Sintering, Master sintering curve, Restriction.

RESUMEN: La densificación y la contracción de cerámicos u otros materiales en polvo pueden ser predichos de una manera sencilla 
usando la curva maestra de sinterizado. En este trabajo se han obtenido los datos de densificación requeridos para construir la curva maestra 
de sinterizado de zirconia en polvo estabilizada con 3-mol% itria. Se sinterizaron muestras compactadas en frío, así como películas gruesas 
hechas del mismo polvo y aplicadas a un sustrato rígido. Las pruebas de sinterizado libre y con restricción fueron realizadas aplicando 
tres velocidades de calentamiento, incluyendo o no una etapa isotérmica a la máxima temperatura de ~1450 °C. La contracción de las 
muestras se midió durante la densificación usando un dilatómetro de varilla de presión. También se usó un horno convencional, aplicando 
la misma curva de calentamiento para comparar resultados.  El análisis microestructural fue logrado mediante microscopía de barrido 
electrónico, microscopía de barrido electrónico ambiental y microscopía óptica. Se obtuvo una concordancia aceptable entre muestras 
similares sinterizadas en el dilatómetro y en el horno convencional, indicando que los datos del dilatómetro pueden ser usados para ambos 
ambientes.  Las muestras que se sinterizaron sin restricción alcanzaron menores densidades que las películas, probablemente debido a 
que sus densidades iniciales eran menores.  Para las muestras libres de restricción, se obtuvo una curva maestra de sinterizado con una 
energía de activación de 550 kJ mol-1.  Para las películas sinterizadas con restricción, algunos problemas asociados con el sustrato y con las 
incertidumbres de las mediciones impidieron la caracterización de la película, es decir, la obtención de una curva maestra de sinterizado 
con un solo valor de energía de activación.

Palabras clave: Zirconia estabilizada con ittria, Sinterizado, Curva maestra, Restricción.

1.  INTRODUCTION

Sintering is a process by which crystalline powder 
particles reduce their free surface energy. The reduction 
of the total surface energy and grain boundary leads 
to densification and shrinkage of the body, due to 
the moving of atoms. The mass transport is possible 
over the free surfaces of particles and over the grain 
boundaries that form between the adjacent ones.

The finished ceramic piece’s characteristics are 
affected by many variables and facts involved in its 
manufacturing. These characteristics are also affected 
by the properties of the powders and the additives used 
to prepare the piece. Due to this, it is difficult to predict 
the ceramic powder kinetics and behaviour during 
sintering, as well as the dimensions, properties and 
final appearance of the piece. Manufacturers usually 
have to use trial and error to determine the effects of 
sintering, and they have to adopt the composition and 
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appropriate heating routes. In consequence, the time 
and production costs increase.

For this reason, it is helpful for the sintering process 
to have tools that facilitate predictions of the piece 
change in size. The Master Sintering Curve (MSC) is 
a practical model developed to predict behaviour and 
shrinkage of metals and ceramics during sintering of 
compacted powders, regardless of the heating path. The 
MSC is obtained from data from various experiments, 
and it is valid for powders with the same microstructure 
and manufacturing process. Therefore, the model is 
vulnerable to the powder composition and physical 
characteristics, as well as the process conditions [1].

The MSC can also be used for comparing different 
powders, the additive effects and their ease of sintering 
[2]. In addition, it allows establishing the main sintering 
mechanism, through the activation energy [3]. The 
concept has been applied successfully to different 
systems free of constraint.

The axes of the MSC are relative density (RD) and the 
work of sintering (Q), which depends on the sintering 
temperature (T) and time (t), representing the dominant 
diffusion mechanism. This dependent parameter is 
shown in Eq. 1, where Qb is the activation energy for 
grain boundary diffusion and R is the gas constant.

				    (1)

Eq. (1) defines de MSC, where there is no assumption 
about the relationship between time and temperature 
[4]. All the terms affected by microstructure are on one 
side of the equation, and the time and temperature terms 
on the other side. Both sides are related experimentally 
[1,3]. The model is based on the linear contraction 
given in a concept developed for Hansen et al. [5], 
where the sintering process is given in one stage, 
instead of the traditional three stages. The model of 
Su and Johnson [1,3] assumes that the main diffusion 
mechanism is grain boundary diffusion.

The construction of a MSC requires the estimation of 
the activation energy (Q). The appropriate value can 
be obtained with the data gathered in a dilatometer 
using different heating rates. An initial value for Q 
is assumed, and then curves of density versus Q, the 
work of sintering, are plotted for each heating rate. The 

curves must converge to a unique activation energy in 
a sigmoid curve [6].

Ceramic materials are widely investigated (e.g., [7-16]); in 
particular, zirconia is a ceramic recognized by its multiple 
applications in engineering, due to their exceptional 
properties, such as high hardness, toughness, high oxygen 
diffusivity and low thermal conductivity [12]. Yttria 
stabilized zirconia (YSZ) presents high resistance and 
toughness, high temperature resistance and also conducts 
oxygen ions at 800 °C or more. These qualities make YSZ 
a good candidate for applications such as electrolyte in 
solid oxide fuel cells (SOFCs) [11-14].

In SOFCs, a thin layer of YSZ is deposited as 
electrolyte on a rigid substrate. The film is sintered 
with the substrate, which impedes the free contraction 
in the film plane. Consequently, this contracts only in 
the direction perpendicular to the plane. This means that 
just the thickness dimension changes during sintering. 
This particular case is known as constrained sintering, 
where the densification process of the sample is affected 
due to the resulting stresses.

This work evaluates the possibility of obtaining a MSC 
for zirconia powders stabilized with yttria (YSZ) at 
3% mol without restriction and of extending it to the 
case in which sintering is performed with restriction. 
Additionally, this work aims at comparing data taken 
from a conventional oven with the data given by a 
dilatometer, taking into account the difficulties to 
collect data mainly in the case where restriction is 
present. Some comparisons are possible through 
microstructural analysis.

2.  METHODOLOGY

2.1.  Samples

Two groups of samples were prepared for this study 
using 3-mol % yttria stabilized zirconia powders 
(Melox Chemicals 3Y XZ07078/14, batch number 
04/316/01M). The powder and the screen-printed 
specimens were supplied by Rolls-Royce Fuel 
Cell Systems Ltd. More details about the powder 
characteristics, the formulation of the ink and the 
printing process can be found in [7]. Two groups 
of samples were prepared with the objective of 
analyzing the behaviour of the material during free 
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and constrained sintering, the latter one, when a layer 
of the material is placed on a rigid substrate.

2.2.  Samples for free sintering

The ceramic powder was blended with 23 ± 2 wt% 
(standard deviation) polyvinyl alcohol (PVA) as binder. 
Each blend was used to prepare two green compacts 
with diameters of 20 mm and 2 mm height (Fig. 1). The 
discs were made in a Specac hydraulic uniaxial pressing 
machine at a pressure of 31 MPa. Each sample was cut 
in three parts; one of them was used in the dilatometer 
and at least other in the box furnace. The samples 
dimensions were measured using digital callipers with 
a precision of ±0.01 mm.

Figure 1. Schematic representation of the free sintering 
samples. (a) Sectioned disc (b) Sample for the dilatometer 
(the variables li and hi correspond to the initial length and 

height, respectively)

2.3.  Samples for constrained sintering

Each sample has a planar design. The electrolyte thick-
film layers were placed using a Smetech Benchmark 90 
screen-printing machine. The squeegee applied a force 
of 4.5 kgf to the ink during the printing operation. The 
mesh size was 165 apertures per inch with a nominal 
thickness of 100 mm ± 3mm and an open area of 44%. 
The electrolyte layer was formed as a laminate, with 
three applications to reduce the presence of defects. 
The substrate was a flat sided tube made from porous 
magnesia-magnesium aluminate spinel. Between the 
electrolyte and the substrate, a priming layer of about 
30 mm was applied and pre-fired to smooth the surface. 
The electrolyte layer had a thickness of about 24 mm [7].

The samples were supplied as squares with 50 mm sides 
and 5 mm height. From them, smaller samples were 

cut with dimensions of 6´6´5 mm3 for dilatometry 
and 6´10´5 mm3 for the conventional oven (Fig. 2). 
Contamination of the samples was avoided, and then each 
cut was made with a diamond wheel without lubricant.

Figure 2. Samples for constrained sintering. (a) As 
supplied (b) Cut samples. The sample for the calibration 

does not contain the film under study

It was necessary to use two kinds of samples in the 
dilatometer (Fig. 2 (b)). The first one, named calibration 
sample, CS, lacked the electrolyte film and was used 
for performing the calibration of the dilatometer against 
which to measure the changes of thickness of the layer in 
study. The second type did include the electrolyte layer.

2.4.  Sintering

Two ovens were used in this work: a conventional oven, 
Elite Thermal System Model BRF17/5-I-M with a 
Eurotherm 2416 programmer, and a dilatometer, Netzsch 
DIL 402C/41G with an “S” sample thermocouple and a 
pushrod that applies a force of only 30 cN to the sample. 
The pushrod transmits the signal to a Linear Variable 
Displacement Transducer (LVDT). The sample holder 
and calibration sample for the free sintering experiments 
are made of alumina. The gases released from the sample 
were purged using Argon at 44 ml min-1.

In the dilatometer, it was necessary to correct the 
dimension changes in the system. For this purpose, a 
calibration sample (CS) was used. In the case of free 
sintering, the CS (alumina) was supplied by the Netzsch 
group. For constrained sintering the sample without the 
priming and electrolyte layers was used.

The samples were fired both in the dilatometer and the box 
furnace, which were programmed with the same schedule. 
This was done with the aim of comparing the results. Six 
sintering programs were performed, which are shown in 
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Fig. 3. The first step (1 °C min-1) was the same for all the 
incursions and was used to burn out the binder and other 
organic additives in the samples (if higher heating rates are 
used, the vapours generated from the binders may damage 
the samples). For both free and constrained sintering, the 
calibration run had the isothermal step for each heating rate 
(3, 5, and 7 °C min-1). Different heating rates and dwell times 
were used so as to obtain a generic master sintering curve, 
and were selected based on a previous work [7].

Figure 3. Sintering Schedule

2.5.  Density

The final density of the free samples was measured 
by means of a digital balance, whose precision was of 
±0.0001 g. This balance allowed the use of the Archimedes 
method. Deionised water was chosen as the fluid for the 
measurements. The samples were covered with a thin layer 
of nail polish, with the aim of avoiding water infiltration. 
The ASTM Standard test Method for Bulk Density and 
Volume of Solid Refractories by Wax Immersion (ASTM 
C914-95) [17] has been followed. The densities were 
given by the instrument with two decimal places, including 
the fluid temperature corrections.

Also, the final density for the samples sintered in 
the dilatometer was calculated assuming uniform 
contraction and constant mass:

( ) 3/1 −D−= ii llρρ 				    (2)

where, ri  is the initial density, Dl/li is the linear 
contraction and Dl is the value given by the dilatometer. 

The final value was also measured by manual methods. 
The estimated data were compared with those measured 
before sintering to validate the results.

The density was determined from the surface of the 
electrolytic layer following the linear intercept method 
from the British standard EN 623-3:2001 method B 
[18]. The micrographs were obtained by means of 
a scanning electron microscope Hitachi S-3200N. 
For estimating the porosity of the samples, at least 
100 pores were measured through lines drawn on the 
micrographs. The relative density is given by:

	 			   (3)

where pf is the final mean volume fraction of porosity:

	
		  (4)

Assuming constant area in the constrained layer, it 
is possible to find its initial density from the final 
density value and the relative change of length in the 
perpendicular direction to the layer (Dl/lic), being lic 
the initial thickness of the layer.

ic
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1

1
ρ
ρ 					     (5)

2.6.  Layer thickness for the constrained films

The thickness of the electrolyte layer was measured before 
(lic) and after (lfc) sintering. Images from the green layer 
were obtained by scanning electron microscopy (SEM) 
in both vacuum and variable pressure (ESEM) modes. 
Before using SEM, the samples were covered with gold 
(~20 nm) using a Turbo Sputter Coater (Emitech K575X 
High Vacuum). In this way, the charging effect due to poor 
conductivity of the samples is reduced. The ESEM does 
not require covering the samples, minimizing the risk of 
contaminating the samples before sintering.

Additionally, optical microscopy, using a digital camera, 
was used for capturing images from the films sintered with 
the isothermal step for 2 h at the maximum temperature. 
The mean of the thicknesses of the layers after sintering 
was estimated from the images. Sample preparation for light 
microscopy included mounting them in Epofix resin mixed 
with alumina powder. After settling each sample, they were 
polished, following the adequate procedure.
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Using the mean of the final layer thickness (lfc), and 
the change of length of the film measured by the 
dilatometer (including corrections), Dldil, the initial 
layer thickness, lic, was estimated:

 				    (6)

The average of the results for lic was considered as 
the general initial layer thickness assuming the same 
thickness for all of them.

3.  RESULTS AND DISCUSSION

3.1.  Free sintering

3.1.1.  Density

The cold pressed sample initial densities are shown in 
Table 1. These were obtained from the data taken from 
the green bodies and were compared with the values 
estimated from the measurements after sintering. This 
fact proved the consistency in the sample fabrication 
process, which is important in finding an adequate MSC.

In general, the results are acceptable, taking into account 
that the samples could continue the densification 
process during cooling; mainly those that did not have 
a dwell step in their schedule. This affects the manual 
measurements, in the way that the RD tends to be 
slightly higher than the last density values given by 
the dilatometer. In addition, the RD tends to decrease 
with increasing heating rate, as it has been reported in 
the literature (e.g., [2,7]).

Table 1. Initial density for the free sintering samples. The 
standard error (e) is shown

Rate of heating 
(°C min-1) 3 5 7

Isothermal time (h) 0 2 0 2 0 2

ρi (g cm-3) 
(e = ±0.03) 2.12 2.23 2.04 2.04 2.02 2.14

Initial RD (%) 
(e = ±1%) 35 37 34 34 33 35

In a similar way, the results from the samples sintered in 
the dilatometer were compared with those densified in 
the conventional furnace. The results were consistent, 
which suggests that the process is similar in both 

cases. This consistency is important as, when the 
constrained samples are considered, there will be 
greater experimental difficulties in terms of measuring, 
e.g., the relative densities. The results from free 
sintering give confidence in the techniques.

3.1.2.  Density and shrinkage curves

Figs. 4 and 5 show the relative change of length and 
relative density against time, given by the dilatometer. 
In the figures, “V3”, e.g., means a heating rate of 3 °C 
min-1 and 2h corresponds to 2 h of soaking at Tmax. For 
each heating program, with or without an isothermal 
step, both samples follow the same trajectory, as 
expected.

3.2.  Constrained sintering

3.2.1.  Layer thickness

Fig. 6 shows a micrograph of the electrolyte and 
priming layer, before sintering, that was obtained 
by ESEM. This type of micrograph was used for 
measuring the initial thickness of the YSZ film, even 
though, subsequent analysis suggested that this can 
have borders produced when the samples were cut, 
which could affect the results. Therefore, the initial 
thickness was estimated from the final thickness, as 
described below.

Figure 4. Relative shrinkage versus time for the 
dilatometer free sintering samples
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Figure 5. Relative density versus time for the dilatometer 
free sintering samples

Figure 6. ESEM micrograph of the printed layer before 
sintering

 
Figure 7. Cross section of a sample sintered in the 
dilatometer at 7 °C min-1 with 2 h holding at Tmax

The cross section of one sample sintered with an 
isothermal step (two hours at about 1450 °C) is shown 

in Fig. 7. The image was achieved by light microscopy. 
The final thickness results are given in Fig. 8. There 
is an acceptable agreement in the data obtained for 
the samples sintered in both the dilatometer and the 
conventional oven. The bars correspond to the standard 
deviation.

Figure 8. Thickness of the electrolyte layer after sintering 
for the samples in the box furnace and the dilatometer, 
with two hour dwell. Error bars indicate one standard 

deviation

The mean value for the final layer thickness (lfc) and the 
change of length given by the dilatometer (Δldil) were 
used to estimate the thickness of the green layer (Eq. 
(6)). In this way, an average of 23 mm with standard 
error e = 0.2 mm (Table 2) was found. This value is 
in acceptable agreement with that reported by the 
manufacturer (24 mm).

3.2.2.  Shrinkage of the film

Assuming 23 mm for the initial thickness of the 
samples, the shrinkage of the specimens sintered with 
soaking time in the box furnace was calculated using 
the data obtained by microscopy. The corresponding 
information is shown in Fig. 9. The results for the 
samples sintered in the dilatometer are similar to those 
sintered in the conventional oven. The estimated values 
by light microscopy are reported with the standard error. 
The average of the sintered film among the samples 
sintered in the dilatometer and the box furnace is 10 
± 1 mm. This value is similar to the sintered thickness 
reported by Wright [7]. The congruence in the results 
suggests confidence in the dilatometer measuring.
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Table 2. Electrolyte thickness after and before 
densification for the samples with soaking time at 2 h a 

1450 °C in the dilatometer

Heating rate 
(°C min-1)

Δldil 
(mm) lfc (mm) lic (mm)

3 11.57 11.1 ± 1.0 22.7
5 12.94 10.7 ± 0.8 23.5
7 13.83 9.4 ± 1.0 23.3

Figure 9. Relative change of layer thickness of the 
samples sintered with 2 h dwell, estimated assuming lic = 
23 µm. The error bars correspond to one standard error. 
The dilatometer data do not present error bars because 

there was just one measurement

Assuming contraction of the layer only in the 
perpendicular direction to the substrate plane and with 
the data provided for the dilatometer, linear shrinkage 
versus time curves were built. The corresponding 
curves are given in Fig. 10.

Figure 10. Relative change of thickness of the electrolyte 
film during sintering

The sintered samples with 5 °C min-1 of heating rate 
expanded during the first heating period and then the 
contraction begun. The other samples show contraction 
throughout the heating treatment. According to 
some observations the base layer may have suffered 
densification or the substrate was not sufficiently 
homogeneous. The latter could have affected the results.

3.2.3.  Density

The relative densities are compared in Fig. 11. The 
standard deviation bars are longer for the samples with 
an isothermal step. This can be the result of the size, 
distribution, and shape variations of the microstructure, 
because at this degree of densification, the pores are 
just starting to link to each other, forming nets, and are 
taking a spherical shape. It means that there is not a 
homogeneous structure.

Figure 11. Relative density of the electrolyte layer 
sintered (a) without dwell, (b) with dwell. The error bars 

indicate one standard deviation
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Even though the densities tend to be slightly higher 
for the samples from the conventional oven, the 
results are similar. A possible explanation is that in this 
furnace, the cooling step was bigger, leading to further 
densification and larger grain size. Additionally, the 
linear intercept method for estimating the density of the 
layer surface presents some difficulties. Furthermore, 
the restriction impedes to some degree the elimination 
of pores in a higher level in some zones [19] and hinders 
their reaccommodation. Similarly, internal stresses 
might contribute to the heterogeneous densification 
throughout the film [20].

In Fig. 12 the curves of relative density versus time are 
plotted. The uncertainty in the measurement of final 
density, taken from the micrographs, the heterogeneity 
in the layer, and the possible densification of the 
priming layer can be possible causes of the lack of 
convergence in the curves and for the variations in the 
initial density values.

Figure 12. Variation of the relative density with time of 
the constrained layer sintered in the dilatometer at 3, 5, 

and 7 °C min-1 with zero and 2 h dwell

3.3.   Master sintering curves

The data collected were used for trying to obtain the 
MSC. The curves were developed by Dr. Ruoyyu Huang 
from Leicester University, following the process given 
by [21], based on finite elements. The work of sintering 
(Q) is determined by numerical integration and the 
activation energy is obtained when the curves converge.

The curve for the bulk samples is shown in Fig. 13. 
The data converge to a single curve, with an activation 

energy of 550 kJ mol-1. This means that the densification 
kinetics is common to all the samples. There is a slight 
deviation for the rate of 7 °C min-1, mainly above 72% 
relative density, at the threshold of the isothermal step. 
This tendency may be due to some fact that interferes 
with the densification kinetics and the activation energy 
for this particular powder.

Figure 13. Master sintering curve for the 3-mol% YSZ 
free of constraint and no dwell

For the constrained layer, there was not a satisfactory 
convergence towards a universal curve during the 
process of densification. Two possible causes for this 
could be: there is no universal curve for this case, or the 
data are not reliable enough to produce the MSC. Given 
the problems related to the difficulty of subtracting 
the effect of the substrate, the latter reason must be 
eliminated by more experimentation before it could 
be concluded that a MSC cannot be achieved for this 
particular case.

3.4.  Comparisons for free and constrained sintering 

Apart from the master curves for both sintering cases 
(with and without restriction), it is also possible to 
compare the data, analyzing the relative density, as 
presented in Fig. 14.

The relative densities are, in general, higher for the 
samples sintered on the substrate. In previous works 
(e.g., in [22]), it has been found that the volumetric 
contraction tends to be lower for screen printed 
electrolytes than for bulk samples. However, in this 
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work, the initial densities of the free sintered samples 
were lower than those of the printed layers. The average 
relative density for the former was 35 ± 1%, while its 
counterpart for the latter samples was 43 ± 4%. This 
contributes to the differences in this study.

Figure 14. Relative density comparisons for the free and 
constrained samples sintered in the box furnace and in the 

dilatometer. (a) No dwell. (b) With dwell

Figure 15 provides examples of the bulk and electrolytic 
layer microstructures.

4.  CONCLUSIONS 

This work reported the results of experiments with 
3-mol% yttria stabilized zirconia. The material was 
sintered free of constraint, as well as with restriction by 
applying it to a rigid substrate. Three different heating 
rates were used: 3, 5, and 7 °C min-1. Half of the samples 
underwent an isothermal step at ~1450 °C; for the 
other half, this step was omitted. The samples relative 
length changes were measured in situ by a dilatometer. 

For improving reliability, some experiments were 
performed using a conventional oven. The samples 
reached the same level of densification independently 
of the source utilized for sintering.

Figure 15. SEM micrographs; 3 °C min-1 with 2-h dwell 
in the dilatometer

A MSC was obtained for free sintering with an 
activation energy of 550 kJ mol-1. This curve can be 
very useful for predicting the tendencies and behaviour 
during densification of this specific compacted powder.

In the case of the layer printed on a substrate, the 
latter gives some restriction to the stabilized zirconia 
film. In some of the SEM micrographs taken from 
the surface, non homogeneity in the porosity and 
accommodation of the microstructure was noticed, 
mainly at the intermediate rate of heating used in 
this work. This lack of homogeneity increases the 
uncertainty in the measuring. Other factors, such as the 
difficulty in subtracting the data from the layer itself 
and the contribution of the substrate to the dimensional 
changes, are considered as possible causes for the data 
not converging to a single activation energy and finding 
a unique curve.



Arias-Maya / Dyna, year 81, no. 183, pp. 158-167, February, 2014. 167

REFERENCES 

[1] Su, H. and Johnson, L., Sintering of alumina in 
microwave-induced oxygen plasma, J. Am. Ceramics Soc., 
79(12), pp. 3199-3210, 1996.

[2] Kutty, T.R.G., Khan, K.B., Hegde, P.V., Banergee, 
J., Sengupta, A.K., Majumdar, S. and Kamath, H.S., 
Development of a master sintering curve for ThO2, J. Nuclear 
Mat., 327, pp. 211-219, 2004.

[3] Su, H. and Johnson, L., Master sintering curve: a practical 
approach to sintering, J. Am. Ceramics Soc., 79(12), pp. 
3211-3217, 1996.

[4] Johnson, D.L., Finding and utilising the master sintering 
curve. Proceedings of Sintering 03 - An International 
Conference on the Science, Technology and Applications of 
Sintering. Pennsylvania, 15-7, September, pp. 15-17, 2003.

[5] Hansen, J.D., Rusin, R.P., Teng, M. and Jonhson, D.L., 
Combined-stage sintering model, J. Am. Ceramics Soc., 
75(5), pp. 1129-1135, 1992.

[6] Teng, M., Lai, Ch. and Chen, Y., A computer program of 
master sintering curve model to accurately predict sintering 
results, Western Pacific Earth Sciences, 2(2), pp. 171-180, 
2002.

[7] Wright, G.J., Constrained sintering of yttria-doped 
zirconia: the relationship between microstructure and gas 
flow rate [PhD Thesis]. Guildford, UK: University of Surrey, 
2006.

[8] García, C., García, C. and Paucar, C., Formación insitu 
de circonia en la síntesis de sustitutos óseos basados en 
matriz de alúminacircón infiltrada con hidroxiapatita, Dyna, 
77(162), pp. 143-149, 2010.

[9] Ribero, D., Restrepo, R., Paucar, C. and García, 
C., Disminución de la temperatura en la síntesis de un 
material cerámico altamente refractario (mullita) a partir de 
hidroxihidrogeles, Dyna, 74(153), pp. 95-100, 2007.

[10] Mendoza, E.J., Zamora, L.A. and Galvis, F.V., Influencia 
del contenido de óxido de magnesio y del tratamiento 
térmico en la disolución de Ca+2 de un material cerámico 
bioactivo del tipo 31SiO2–11P2O5–(58-x)CaO–xMgO, 
Dyna, 73(150), pp. 167-173, 2006.

[11] Li, N., Mahapatra, M.K., and Singh, P., Sintering 
of porous strontium doped lanthanum manganite-yttria 
stabilized zirconia composite in controlled oxygen 

atmosphere at 1400 °C, J. Power Sources, 221, pp. 57-63, 
2013.

[12] Lei, L., Fu, Z., Wang, H., Lee, S.W. and Niihara, K., 
Transparent yttria stabilized zirconia from glycine-nitrate 
process by spark plasma sintering, Ceramics Int., 38, pp. 
23-28, 2012.

[13] Guoa, F. and Xiao, P., Effect of Fe2O3 doping on 
sintering of yttria-stabilized zirconia, J. Eur. Cer. Soc., 32, 
pp. 4157–4164, 2012.

[14] Wang, X., Kima, J.-S. and Atkinson, A., Constrained 
sintering of 8mol% Y2O3 stabilised zirconia films, J. Eur. 
Cer. Soc., 32, pp. 4121–4128, 2012.

[15] López-Honorato, E., Dessoliers, M., Shapiro, I.P., Wang, 
X. and Xiao, P., Improvements to the sintering of yttria-
stabilized zirconia by the addition of Ni, Ceramics Int., 38, 
pp. 6777–6782, 2012.

[16] Mascolo, M.C., Mascolo, G. and Ring, T.A. Grain 
boundary evolution on sintering in yttria (8 mol%)-stabilized 
zirconia assisted by one or two driving forces, J. Eur. Cer. 
Soc., 32, pp. 4129–4136, 2012.

[17] ASTM Standard. C 914 – 95 Standard test method 
for bulk density and volume of solid refractories by wax 
immersion, 272-274, 1995.

[18] BSI-British Standards Institution. BS EN 623-3 
Advanced technical ceramics-monolithic ceramics-general 
and textural properties-part 3: determination of grain size 
and size distribution (characterized by the linear intercept 
method), 1-22, 2001.

[19] Garino, T.J. and Bowen, K., Kinetics of constrained-
film sintering, J. Am. Ceram. Soc., 5(2), pp. 251-257, 1990.

[20] Hsueh, C.H., Carneim, R.D. and Armstrong, T.R., 
Modelling of constrained sintering in multilayer systems, 
2007. Available: http://www.ms.ornl.gov/ researchgroups/
SCG/PDF/Sintering.pdf.

[21] Kiani, S., Pan, J. and Yeomans, J.A., A new scheme to 
find the master sintering curve, J. Am. Ceramics Soc., 89(11), 
pp. 3393-3396, 2006.

[22] Carroll. D.R. and Rahaman, M.N., An initial stage model 
for the sintering of constrained polycrystalline thin films, J. 
European Ceramic Soc., 14(5), pp. 473-479, 1994.



Dyna, year 81, no. 183, pp. 168-177.  Medellin, February, 2014.  ISSN 0012-7353

IRON ORE SINTERING 
PART 2. QUALITY INDICES AND PRODUCTIVITY

 SINTERIZACIÓN DE MINERALES DE HIERRO 
PARTE 2. ÍNDICES DE CALIDAD Y PRODUCTIVIDAD

JAVIER MOCHÓN
Ph. D., Centro Nacional de Investigaciones Metalúrgicas CSIC-CENIM (Spain), jmochon@cenim.csic.es

ALEJANDRO CORES
Ph. D., Centro Nacional de Investigaciones Metalúrgicas CSIC-CENIM (Spain), alcores@cenim.csic.es

ÍÑIGO RUIZ-BUSTINZA
Ph. D., Centro Nacional de Investigaciones Metalúrgicas CSIC-CENIM (Spain), irbustinza@cenim.csic.es

LUIS FELIPE VERDEJA
Ph. D. Escuela Técnica Superior de Ingenieros de Minas, Oviedo (Spain), lfv@etsimo.uniovi.es

JOSÉ IGNACIO ROBLA
Ph. D., Centro Nacional de Investigaciones Metalúrgicas CSIC-CENIM (Spain),  jrobla@cenim.csic.es

FERNANDO GARCIA-CARCEDO
Ph. D., Centro Nacional de Investigaciones Metalúrgicas CSIC-CENIM (Spain),  g.carcedo@cenim.csic.es

Received for review March 14 th, 2013, accepted August 27th, 2013, final version September, 6 th, 2013

ABSTRACT: Sinter plants have to process mineral mixes in order to obtain sinter of a suitable composition and quality to be loaded into the 
blast furnace. For this purpose a series of parameters need to be taken into account, such as the nature and composition of each component 
of the mineral mix and the conditions of the manufacturing process. Sinter is subjected to in-depth characterisation in terms of chemical 
and granulometric analysis, determination of the mineral phases in its structure and of quality indices such as reducibility, low temperature 
degradation, reduction degradation, and tumbler strength. It is also important to operate sinter plants with high productivity and to ensure a 
uniform sinter composition and quality so as to facilitate the steady state operation of the blast furnace.

Key words: Sintering, Quality indices, Productivity, Blast furnace

RESUMEN: Las plantas de sinterización tienen que procesar mezclas de mineral con el fin de obtener sinterizado de una composición 
y calidad adecuada para ser cargados en el alto horno. Para este fin se deben de tener en cuenta una serie de parámetros, tales como la 
naturaleza y la composición de los componentes de la mezcla de minerales así como de las condiciones del proceso de fabricación. El sinter 
es sometido a una caracterización en profundidad; análisis químico y granulométrico, determinación de las fases minerales en su estructura e 
índices de calidad, tales como reducibilidad, la degradación de la baja temperatura, la reducción de la degradación, y la resistencia - tumbler. 
También es importante que las plantas de sinterización funcionen con una alta productividad, garantizando una composición y calidad 
uniforme con el fin de facilitar la operación estable del horno alto.     

Palabras clave: Sinterización, Índices de Calidad, Productividad, Horno Alto      

List of abbreviations

AIME	 American Institute of Mining, Metallurgical 
and Petroleum Engineers, (USA)
ATS	 Association Technique de la Sidèrurgie 
Française
ASTM	 American Society for Testing Materials (USA)
BF	 blast furnace
BHP	 Broken Hill Propietary, (Australia)
BSE	 back scattered electron

CIT	 cahiers d’informations techniques
EDS	 energy dispersive spectrometry
FIMT	 fiber in metallic tube
ISF	 intensified sifting feeder
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scanning electron microscopy
R F           Return fines
ROGESA Roheisengesellschaft Saar, (Germany)
SP	 sinter plant
SEM	 scanning electron microscope
TEM	 transmission electron microscopy
VDEh	 Verein Deutscher Eisenhüttenlente, (Germany)
XRD	 X-ray diffraction

1.  INTRODUCTION

Improvements in the blast furnace process are achieved 
by technological improvements and a stable supply of 
high quality iron ores and sinters [1]. However, high 
quality iron ore resources are being depleted due to 
the heavy demand, and thus it is necessary to continue 
improving sintering technology in order to use lower 
quality iron ores in the raw mix. The blast furnace 
demands sinter with high strength, a low RDI, high RI, 
low fines content, good average calibrated sinter size 
and little variation in chemical composition in order to 
operate in a steady state regime. Efforts are being made 
to supply blast furnace operators with high quality 
sinter. Sinter quality control, by means of adequate 
sintering, is important in order to operate blast furnaces 
at a low fuel rate and stable operating rate.

Table 1. Data from the sinter plants of Western European 
countries.

Minimum 
value

Maximum 
value

Coke consum, kg t-1 of sinter

Productivity, t m-2 per 24h

Fe total, %

FeO, %

Al2O3, %

MgO, %

RDI (>3 mm), %

Tumbler (>6.3 mm), %

Reducibility, R60, %

39

26

51

4.0

0.6

0.7

27

63

49

54

43

61

11

1.8

2.2

33

79

78

In Western Europe, 9 countries operate 36 sinter plants 
which in 2004 manufactured 100.8 million tons of 
sinter. Table 1 sets out data on coke consumption, 
productivity, and sinter composition and quality 

indices in European sinter plants [2]. The figures show 
a low Al2O3 content, acceptable RDI values, and a 
large difference between the minimum and maximum 
parameter values.

2.  QUALITY INDICES

The ongoing improvement of blast furnace operation is 
largely due to improvements in sinter quality. The blast 
furnace demands sinter with a high cold strength, low 
reduction degradation index and high reducibility index, in 
a very narrow band of chemistry variation, with the lowest 
possible fines content and a good average size.

2.1. Chemical composition

The chemical and structural composition are very important 
in sinter, and it is good for them to be stable so that both 
primary and final slags possess adequate characteristics 
in terms of softening and melting temperatures, liquid 
temperature and viscosity for the stable operation of the 
blast furnace.

It is important to have a high iron content, low gangue 
content, and basicity of the order of 1.6-2.1. Sinter 
reducibility, and sinter quality in general, improves with 
a higher level of hematite than magnetite, and its structure 
improves with a higher level of primary or residual hematite 
and ferrites than secondary or precipitated hematite.

2.1.1. FeO sinter

The FeO content is an important control parameter in 
the sinter plant. When the chemical composition of 
an ore mix is fixed, FeO can provide an indication of 
sintering conditions, in particular the coke rate [3]. A 
2% increase in the FeO content in sinter has been found 
to lower (improve) the RDI by 8 points. However, a 
higher FeO content negatively affects reducibility. 
It is important to find an optimum FeO content in 
order to improve the RDI without altering other sinter 
properties [4].

2.1.2. Al2O3 sinter

The most harmful effect of alumina is to worsen the 
sinter RDI, which increases as the alumina content rises. 
Industrial experience with the blast furnace shows that 
within a 10-10.5% CaO content range an increase of 0.1% 
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in the alumina content raises the RDI by 2 points [4]. The 
strength and quality of sinter deteriorate as the alumina 
content rises. Alumina promotes the formation of SFCA, 
which is beneficial for sinter strength, but the strength of 
the ore components is lower, since a high alumina content 
in their lattice has been reported to be the main cause of 
the observed lower strength [5,6]. Alumina increases 
the viscosity of the primary melt that forms during the 
sintering process, leading to a weaker sinter structure with 
more interconnected irregular pores [7].

Sinter reducibility is determined by the chemical and 
mineralogical composition and by the pore structure. Due 
to the complexity of the effects of alumina on each of these 
factors, consideration of how alumina affects reducibility 
has produced contradictory results [8]. In work carried out 
in a sinter pot loaded with 65 kg of ore mixes with different 
alumina contents, an increase in the alumina content from 2 
to 5.5% raised the sinter RI from 58 to 64% [9].

2.1.3.  MgO sinter

MgO provides for an optimum blast furnace slag condition in 
terms of both good flowability and desulphurisation. It can be 
added to the blast furnace as raw flux in the form of dolomite 
or dunite, or as sinter. The addition of MgO to the raw mix 
improves the RDI, because MgO stabilises magnetite and 
thus decreases the hematite content, giving rise to less stress 
in the sinter during the hematite to magnetite reduction in 
the blast furnace stack [10].

It has been determined that replacing CaO with MgO in the 
form of dolomite for basicities of 1.6-1.9 leads to a slight 
reduction in sinter strength, reducibility and productivity 
[11,12]. In research carried out in a sinter pot with 65 kg of 
raw mix, the MgO content of four manufactured sinters was 
increased from 1.4 to 2.6% by the addition of dolomite to the 
mix. The iron ore used presents a low MgO content (0.01%) 
and a high Al2O3 content (2.99%). It was seen that raising 
the MgO content in the sinter, from 1.4 to 2.6%, increased 
the FeO content and decreased productivity and the RI, RDI 
and TI indices [13].

2.1.4.  CaO sinter

CaO combines with the iron oxides to form compounds 
with a low melting point that favour the formation 
of the primary melt, a minimum level of which is 
needed in order to manufacture a strong sinter. These 

compounds are: Fe2O3·CaO (1205 °C) and FeO·CaO 
(1120 °C). The properties of the melt formed during 
sintering determine the structure of the bonding 
phases originated in the sinter. The melt properties in 
the moments prior to solidification depend to a large 
extent on the chemical composition of the fines layer 
adhered to the granules and the assimilation of nucleus 
particles [14-16].

2.1.5. SiO2 sinter

Silica combines with FeO and CaO to form compounds 
with a low melting point that favour the formation of the 
primary melt: FeO·SiO2 (1180 °C), 2FeO·SiO2 (1205 °C), 
and FeO·SiO2·CaO (1223 °C). Increasing the silica content 
and the basicity of the adherent fines causes the primary melt 
formation temperature to drop, which is favourable for the 
subsequent assimilation reaction at the liquid-solid interface 
between the fines and the nucleus particles [16,17].

2.2.  Granulometric distribution

After being tipped from the pallets in the sintering 
machine, the sinter is hot screened. Its granulometric 
distribution is an important process parameter. The 
12-35 mm fraction is sent directly to the blast furnace 
hoppers, the larger fraction is crushed to obtain smaller 
sized fractions, and the <5 mm fraction (return fines) 
is recycled to the sinter plant hoppers.

For the good operation of the process, it is important to 
keep a balance between the generation and recycling 
of return fines [2]:

B = RF generated / RF returned

0.95 ≤ B ≤ 1.05

The sinter is screened and each of the resulting fractions 
is weighed: >40 mm; 40-20 mm; 20-12 mm; 12-5 mm 
and <5 mm. The combined weight of all the fractions 
comprises the total cake weight. The useful sinter is 
the total cake minus the return fines generated (>5 
mm fraction). The average grain size is calculated as 
a function of the kg of sinter corresponding to each 
fraction, and can vary over a broad interval between 
25 and 45 mm.

To avoid excessive crushing of the product sinter as it 
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leaves the strand, some modifications have been made 
to the crusher. Kawasaki Steel Corporation (KSC) has 
improved productivity at its Kimitsu [18] and Chiba 
[19] plants (Japan) by using a smaller screen aperture 
for return fines. Kobe Steel has reduced the screen 
aperture for return fines in its Kakogawa plant (Japan) 
[20] from 5 to 4.5 mm, and has replaced the preskip 
5 mm screens in the blast furnace with 3.5 and 4 mm 
screens. Changes to screen sizes and types have also 
been adopted at Chiba [19], as a consequence of which 
productivity has risen by 2%, and a rate of 80 kg fine 
sinter t-1 of HM can be used at No. 6 BF.

2.3. Reducibility index (RI)

Reducibility is an important characteristic of sinters which 
measures the ability to transfer oxygen during reduction in 
the blast furnace stack, giving an idea of fuel consumption 
needs in the furnace. The porosity and structure of the sinters 
and their mineral phases are intimately related with their 
reducibility. A heterogeneous structure is more reducible 
than a homogeneous structure [21-23]. It is also possible 
to predict reducibility behaviour from the concentration of 
each phase present [24]. The reducibility of mineral phases 
in decreasing order is:

Fe2O3  >  Cao·2Fe2O3  >  Cao·Fe2O3 			 
2 Cao·Fe2O3  >  Fe3O4

Hematite and magnetite are rapidly reduced to wustite 
(FeO), but the rates differ for subsequent reduction to 
metallic iron [25]. From hematite, wustite is quickly 
and homogenously reduced, although some wustite is 
surrounded by metal. From magnetite, the reduction is 
topochemical, following the sequence Fe3O4 → FeO 
→ Fe, and almost all the wustite grains are surrounded 
by metallic iron, which delays the subsequent reaction. 
The reducibility of SFCA may be related with their 
morphology, porosity and whether or not they are coated 
with glass [26-28]. Acicular ferrite (<10 μm) formed at 
low temperature (<1300 °C) is more reducible, while 
columnar ferrite (>10 μm) formed at high temperature 
(>1300 °C, possibly coated with glass) is less reducible. 
Primary hematite is more reducible than secondary 
hematite because of its intrinsic porosity.

It has been researched how the mineralogy and porosity 
of iron ores affect reducibility [29,30]. Sinters have 
been manufactured in the laboratory (bench scale) and 

in a pilot plant and the relationship between porosity, 
reducibility and the tumbler index is determined. 
Higher porosity leads to greater reducibility, and the 
sinters with the largest surface area (open pores) present 
a more fragile structure and lower TI. Researchers 
have also investigated the behaviour of chlorine and 
alkalis in the blast furnace and their effect on sinter 
properties during reduction [31]. Studies have been 
carried out in the laboratory and in No. 5 BF operated 
by Roheisengesellshaft Saar (ROGESA) at Dillinger 
(Germany). The laboratory tests have shown that 
despite some differences the effects of chlorine, which 
combines to form KCl and NaCl, and alkalines on sinter 
are on the whole quite similar. Sinter reduction tests at 
up to 1100 °C show that the presence of alkalis favours 
the reduction of hematite to magnetite, due to the 
catalytic action of the alkali. The presence of chlorine 
compounds is unfavourable, as they are deposited on 
the sinter surface and inhibit its reduction. The presence 
of alkalis leads to an increase in the sinter stress, due to 
an increase in the reduction of hematite to magnetite, 
and cracks form which increase abrasion. By inhibiting 
the reduction reaction, chlorine compounds assure less 
abrasion up to 700 °C. At higher temperatures, the 
reduction reaction increases, with the corresponding 
rise in abrasion.

2.4.  Low temperature degradation (LTD) index

The degradation of sinter is determined by the Low 
Temperature Degradation Index (LTD) and the 
Reduction Degradation Index (RDI). Sinter degradation 
during reduction at low temperature is determined by 
the dynamic LTD test, which is carried out at 600°C 
[32]. Degradation is originated, to a certain extent, in 
the transformation that takes place during the reduction 
of hematite to magnetite, accompanied by an increase 
in volume, giving rise to the presence of structural 
stresses in the sinter [33]. The degradation of sinter 
in the blast furnace occurs during reduction in the 
low temperature zone, and has a harmful effect on the 
burden strength in the furnace, with the consequent 
loss of permeability to reducing gases and an increase 
in coke consumption [34].

In research involving the addition of magnetite fines 
in a raw mix for sintering, a coke saving of 0.43% was 
seen for each 1% increase in magnetite in the raw mix, 
due to the fact that when hematite ore is replaced by 
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magnetite fines, the bed temperature rises as a result 
of the exothermic oxidation reaction of magnetite to 
hematite [35-37]. An increase of 5.1% was also seen 
in the LTD index for each 1% increase in hematite in 
the raw mix during the oxidation of magnetite, which 
is transformed into γ-Fe2O3 with the same cubic spinel 
lattice structure as magnetite. The TI and RI indices do 
not undergo any noticeable change when hematite is 
replaced by magnetite.

2.5.  Reduction degradation index (RDI)

Sinter degradation during reduction at low temperature is 
more usually determined by the RDI static test [38], which 
is carried out at 550 °C. Low values are desirable for this 
index. The RDI is a very important parameter that is used 
as a reference in all sintering work and serves to predict the 
sinter’s degradation behaviour in the lower part of the blast 
furnace stack.

Secondary hematite, also known as skeletal rhombohedral 
hematite, is the main cause of a poor sinter RDI. This is based 
on the frequent observation of cracks around the narrow 
neck regions of such hematite. On the other hand, it has been 
suggested that the cracks which form due to the volumetric 
change that accompanies the transformation of the crystalline 
phase from hematite to magnetite are responsible for the 
reduction degradation of the sinter [39]. Studies involving 
TEM, XRD and Vickers indentation tests have shown that 
secondary hematite is the most harmful sinter component for 
RDI [40]. Secondary hematite generally contains dissolved 
impurities like Al2O3, TiO2 and MnO which raise the stress 
in magnetite by distorting the lattice. This magnetite forms 
during hematite reduction at 550 °C in the blast furnace.

Using XRD and dilatometry it has been found that the 
sinter structure depends on the maximum temperature 
reached in the bed, and that secondary hematite 
is present at higher temperatures [41]. Secondary 
hematite forms as a result of recrystallisation during the 
sintering of primary hematite. At lower temperatures 
a greater proportion of primary hematite (residual 
hematite) remains in the sinter composition. It has been 
observed that Al2O3 tends to be concentrated in the 
secondary hematite phase when the primary hematite 
→ secondary hematite transformation takes place. 
Once again it is seen that an increase in the Al2O3 and 
TiO2 concentration in sinter is harmful for the RDI. 
Continuing with this research [42], it was determined 

that the presence of a solid dissolution of Al2O3 and 
TiO2 in hematite originates a 4% volume expansion 
during the reduction of hematite to magnetite at 550 
°C, and causes distortion of the crystalline lattice 
of these phases and an increase in the magnitude of 
lattice stresses in the magnetite formed. The presence 
of cracks in the sinter structure after reduction at 550 
°C are more frequent in the regions with a higher 
secondary hematite content, and harmful for the RDI, 
as has been noted.

The production rate and RDI have been researched in a sinter 
plant using neural networks [43]. The model considered 55 
parameters and analysed a group of 695 RDI values recorded 
over a 3-year period. It was found that the production rate 
and the RDI depended on the same variables. A strong 
relationship was seen between the RDI and the outdoor 
ambient temperature at the plant. The RDI was also strongly 
dependent on the Ti content in the sinter, even when this was 
only very small. No relationship with alumina was found due 
to its low content (0.5%) and scarce variation in the tested 
period. The model found the coke ratio in the sinter mix to be 
the most important control variable with regard to the RDI.

To improve the operation of its No. 3 and No. 4 BFs at 
Fukuyama, Nippon Kokan Keihin (NKK) lowered the SiO2 
content in the sinters in its No. 4 and No. 5 SPs from 4.8 to 
4.2%, taking into account pulverised coal injection rates of 
the order of 170 kg t-1 of HM. This led to an improvement 
in furnace permeability and reducibility, but worsened the 
RDI44. A relation was thus found between bed permeability 
and the RDI. NKK developed a totally new kind of optical 
fibre radiation thermometer named FIMT (fibre in metallic 
tube) which measures the temperature close to the tap hole 
immediately after tapping. With the combined actions of 
lowering the silica content in the sinter and improved melt 
temperature control, it has managed to lower the silica 
content in pig iron from 0.3 to 0.2% [44]. It has been reported 
that a 6% improvement in sinter RDI would lower the blast 
furnace coke rate by 14 kg t-1 of HM and increase blast 
furnace productivity by 3% [45].

2.6.  Tumbler index (TI)

The cold strength of sinter is determined by the 
tumbler test [46], and depends on the strength of 
each individual ore component, the strength of the 
bonding matrix components and the ore composition. 
This test determines the size reduction due to impact 
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and abrasion of the sinters during their handling, 
transportation, and in the blast furnace process. Studies 
of the fracture strength of several mineral phases 
have allowed the following order to be established: 
primary (or residual) hematite > secondary hematite 
> magnetite > ferrites. Cold mechanical strength is 
directly related with the tendency for fines to form 
during transportation and handling between the sinter 
machine and the blast furnace throat.

The sinter strength depends to a large extent on the 
properties of the matrix formed by vitreous glass, 
silicates, olivines and ferrites. Vitreous glass presents a 
high degree of stress: the allotropic transformation, which 
starts at 697 °C, from β-2CaO·SiO2 to γ-2CaO·SiO2 is 
accompanied by a change in volume that causes the 
sinter strength to decrease. Ferrites have been identified 
as a strong bonding material that improves sinter 
strength [47,48]. The TI of sinter is dependent on critical 
flaws in the sinter and their propagation through sinter 
particles. Flaws are unavoidable because the different 
minerals and phases precipitate out of the melt at 
different times during the cooling cycle, and changes 
in volume almost always accompany the transformation 
of a liquid into a solid [49].

A research has been carried out in pilot plant and 
industrial scale, to enhance the strength of a sinter with 
high iron (58.8%) and low silica (4.38%) content [50]. 
By adding of serpentine and burnt lime into the ore 
mix to be sinterized and with a deeper sinter bed, there 
is a significant increase in the amount of magnesium 
ferrite and SFCA, which is associated with improved 
in sinter strength.

2.7.  Sinter porosity

Sinter porosity is an important parameter that 
significantly affects its properties, in particular its 
reduction behaviour. Porosity (P) is calculated by 
determining the real density (dR) and apparent density 
(dA) of sinters before and after being subjected to the 
reducibility test:

P = (dR - dA) / dR				    (1)

Sinters experience a strong increase in porosity after 
undergoing the reducibility test.

In research carried out with hematite and goethite [51] 
ores, the changes caused to the initial pore structure 
during reduction tests at 550 and 950 °C were analysed. 
It was seen that the pore diameter needs to be larger 
than 0.01 μm for the reducing gas to have sufficient 
access to the pores to satisfactorily reduce the sinter. 
When the micropores coalesced to pores of a size of 
more than 1 to 5 μm, the specific surface area of the 
sinter decreased and so did its reduction [52].

Research has shown that eliminating the coalescence 
of micropores and increasing the number of small 
pores makes it possible to increase the surface area 
of the sinter and obtain a substantial improvement 
in its reducibility. Ferrites stabilise the micropores 
and lead to a rise in porosity, thus achieving higher 
reducibility [53,54]. The ferrite decomposition reaction 
to produce magnetite and silicates can be achieved at 
high temperature in a reducing atmosphere, and is the 
most important reaction to decrease sinter porosity. 

Besides the increase in sinter porosity after being 
subjected to the reducibility test, there is also an 
increase in volume originated during the transformation 
of hexagonal hematite into cubic magnetite. The 
increase in volume that takes place due to this 
transformation is 25%.

The crystal structure of magnetite (Fe3O4) is of the 
spinel type, with a = 8.38 Å. It has a close-packed 
cubic lattice of O2- ions with the smaller Fe2+ and 
Fe3+ ions distributed in the interstices. Hematite 
(α-Fe2O3) is of rhombohedral corundum type (a = 
5.42 Å and x = 55° 14’). The O2- ions are arranged in 
a close-packed hexagonal lattice and two thirds of the 
octahedral interstices are occupied by Fe3+ ions. The 
oxide has a small oxygen deficit, probably because 
of O2- vacancies, but possibly also due to iron ions in 
additional interstitial positions [55].

2.8.  Sinter structure

Given the diversity of the mineralogical components 
that comprise the raw mix, as well as the heterogeneity of 
the mix, it is understandable that the sinter structure will 
also be complex, being formed mainly by grains of iron 
oxide and calcium ferrites bonded by a gangue matrix [56-
58]. The ferrites, whose amount increases with the basicity 
index, are easily reduced, and by increasing the mechanical 
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toughness of sinter to certain levels are considered very 
useful components. The ferrites are SFCA type and form by 
a solid-liquid reaction between hematite and the Fe2O3·CaO 
melt, with the subsequent assimilation of SiO2 and Al2O3 
in the melt. The gangue is composed of calcium, iron and 
magnesium silicates that are difficult to reduce, and come 
to form part of the slag in the blast furnace.

The structure and composition of sinter includes the 
presence of primary hematite (non-assimilated or 
residual), secondary hematite (precipitated), primary 
magnetite (non-assimilated or residual), secondary 
magnetite (precipitated) and ferrites as major phases, 
along with a smaller amount of gangue. There is 
sufficient porosity to favour the reducibility of the 
sinter, including micropores in many cases. The 
optimum structure for reducibility is formed by a 
nucleus of primary hematite surrounded by a lattice 
of acicular ferrites, as shown in Figure 1.

Figure. 1.  Optimised sinter structure (x1100). H = 
hematite; F = acicular and columnar ferrite lattice

Anglo Research (South Africa) has developed a 
methodology for the characterisation of iron ore sinters 
and iron ore slime through the use of its QUESCAN, 
which uses EDS, SEM and BSE instruments. 
QUESCAN model results are based on an order 
of magnitude (approximately 10000 times) greater 
number of analysis points than those obtained by point 
counting [59,60].

3.  PRODUCTIVITY

In a sinter plant, the onus is on achieving high 
productivity. This is done by assuring good bed 
permeability, and for this it is essential to optimise 

the granulation process. Moreover, for high sinter 
productivity it is necessary to maximise the sinter 
output. Various factors can influence output, such as: 
horizontal and vertical uniformity in the sinter bed, 
sinter bonding strength, crushing of product sinter, 
and selection of return fines screen aperture [19,20].

Non-uniform sintering usually results in part of the 
bed being more friable and can lead to high fines 
production. Where there is a lack of vertical uniformity, 
it is often necessary to increase the coke content in the 
top part of the bed. This is possible by segregation of 
the feed using devices such as an intensified sifting 
feeder (ISF) or a slit bar chute [61] (Fig. 2). Horizontal 
uniformity is improved by using multi-segment gates 
on the roll feeder outlet. The problem is most serious 
near the pallet walls where the air flow is highest. This 
can be reduced by compacting the top of the bed close 
to the side walls or installing a dead bar grate near 
the wall [62]. KSC has installed a new burner line to 
improve ignition at its Chiba works (Japan), thereby 
achieving more uniform sintering and consequently 
an increase in productivity [18]. ArcelorMittal has 
installed a more compact ignition hopper at its Fos-sur-
Mer works (France), with 3 rows of burners under the 
hood [63]. Productivity has increased by 1 t m-2 per 24h 
as a result of more intense ignition, or because a larger 
surface area of the strand is now available for sintering.

Figure. 2. Intensified sifting feeder (ISF)

In some plants higher production has been achieved 
by increasing the bed depth, generally together with a 
reduction in the strand speed. For this type of operation 
high permeability is essential and some improvements 
to granulation may be necessary, such as the addition 
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of (more) lime. At its Burns Harbor works (USA), 
Bethlehem Steel raised the bed depth from 406 mm to 
635 mm and reduced the strand speed from 2.4 to 2 m 
min-1, achieving a productivity increase of almost 30% 
[64]. KSC increased the bed depth at its Mizushima 
works (Japan) from 530 to 700 mm, achieving a 6% 
gain in productivity [65].

At its Kakogawa works (Japan), Kobe Steel enriches 
the air with oxygen [20]. Oxygen is injected below 
the hood that covers a large part of the strand, after 
the ignition hood. This improves coke consumption, 
with the result of operating with a narrower heating 
zone and a higher flame front speed. It is possible to 
improve production by 1 t h-1 with the use of a flow of 
500 Nm3 oxygen. Many plants produce sinter with a 
1.5-3% MgO content by adding dolomite, serpentine or 
olivine in the feed [64]. Higher productivity is achieved 
with olivine and serpentine than with dolomite, a fact 
that may be attributed to the harmful effect of dolomite 
on sinter strength, and thus on output.

In research carried out at BHP Billington’s Newcastle 
Technology Centre, productivity was seen to be the 
main challenge facing users of pisolitic ore [65]. It 
was widely observed that incorporating pisolitic ores 
in blends composed predominantly of Australian and 
Brazilian hematite ores causes sinter plant productivity 
to drop. The reason for this is a reduction in bed 
permeability caused by excessive melt formation. To 
improve productivity, water addition during granulation 
can be increased in order to compensate the fact that 
porous pisolite ore particles absorb a significant part 
of the added granulation water and thus reduce the 
amount of free water available on their surfaces for 
inter-particle adhesion, leading to a deterioration in 
granulation efficiency.

Research has been carried out in a laboratory pot grate, 
varying the MgO content in the raw material from 1.40 
to 2.60% [66]. Dolomite and dunite are used as fluxes 
to add magnesia. Increasing the MgO content in the 
sinter mix means a higher temperature is required for 
melt formation, and the highly fluxed composition 
with MgO acts as a refractory phase, raising heat 
consumption and reducing productivity. On the other 
hand, it has been found that increasing the MgO 
content improves the RDI, due to the drop in hematite 
and ferrite phases and the rise in the magnetite phase, 

which presents lower degradation. Tata Steel published 
data recorded between April 1994 and March 2001 in 
its No. 2 SP at Jamshedpur (India) [67]. Raising the 
MgO content (range 1.75-3.25%) caused the plant 
productivity to decrease. The TI increased, but it was 
considered that for MgO contents of more than 4% the 
TI would decrease due to the formation of a vitreous 
matrix that exhibits a high degree of stress and a low 
formation of bonding phases. In contrast with the 
preceding work [66], it was seen that an increase in 
MgO also raised the RDI. This variation may be due 
to differences between experimental conditions and 
actual plant data.
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ABSTRACT: This paper presents a summary of the historical developments on foundation engineering that took place in Brazil since its 
early beginning until the present time. It relies on published information pinpointed from historical and reference books widely available 
today that were, on the other hand, written with basis on oral and written recounts and documents that survived through time. The intention 
is not to present a detailed discussion on the subject, but rather illustrate how, in common terms, foundation engineering technologies (and 
challenges) have been improved and approached throughout history in Brazil – shedding light as to what may be expected in this field for 
the near future of the new millennium. 

Key words: History of foundations, usual foundation types, foundation techniques

RESUMEN: Este artículo presenta un resumen del desarrollo histórico que ocurrió en Brasil desde su principio hasta el tiempo presente. 
Está basado en información publicada y sintetizada de libros históricos y de referencia ampliamente disponibles actualmente que fueron, 
por otro lado, escritos con base en relatos orales y escritos y documentos que sobrevivieron a través del tiempo. No se tiene la intención 
de presentar una discusión detallada acerca del asunto, pero de ilustrar como, en términos generales, las tecnologías de la ingeniería de 
cimentaciones (y sus retos) fueron mejoradas y tratadas durante la historia de Brasil – reluciendo lo que se podrá esperar en este campo para 
el futuro inmediato del nuevo milenio.

Palabras clave: Historia de las cimentaciones, tipos usuales de cimentación, técnicas de fundación

1.  INTRODUCTION 

With the necessity of urban development, and the 
evolution of civil engineering, allied to nowadays a high 
level of demand for the construction of structures with 
increasingly slender and heavier buildings, foundation 
engineering in Brazil has advanced considerably since 
its early beginning. 

In addition to the structural elements of the project, 
another recent factor of extreme importance for the 
development of the techniques for foundation execution 
and design is the limited (or lack of) urban space 
and the choice of location for new constructions in 
a quickly developing country. In many cities another 
aspect took place, i.e., previously  disregarded regions 
of the “Brazilian continent” began to be populated and 
this fact imposed technical difficulties that necessarily 
needed to be overcome.

Therefore, the history of the foundation engineering in 
Brazil is briefly presented herein, concentrating on its 
most developed and populated cities, Rio de Janeiro and 
São Paulo (and surroundings). It does not intend to be 
a state of the art on the subject, but rather highlight the 
most interesting and relevant points in this evolution of 
design and construction techniques. Within this scope, 
as will be shown, some historical cases are emphasized 
together with the main techniques that have been 
employed in the country since the colonial times. 

It shall be pointed out that the presented data 
comes from a compilation (and sometimes modified 
translation) of information submitted in the chapter 1 
of a renowned book published in Brazil by the Soil 
Mechanics Society [1], combined with pertinent 
passages from another recently published book on the 
“History of Geotechnical Engineering in Brazil” [2]. 
Hence, the paper summarizes aforementioned data to 
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fulfill a broader information scope directed towards the 
international audience.

2.  HISTORICAL DEVELOPMENTS 

2.1.  Colonial period (XV-XVIIIth. centuries)

In the colonial period of the XVI century, around 
1530, the buildings could be classified into three 
groups according to the reference [3]. The first group 
corresponded to works/factories associated with the 
sugar industry and exporting port facilities, whereas in 
the second group one could find military buildings like 
forts and barracks, plus churches, monasteries, public 
buildings and related commercial chains, and finally the 
third group is comprised of civil works and houses of 
any dimensions plus business stores, warehouses, flour 
mills and so on. According to this reference, there are 
only a  few reports on the foundation characteristics of 
these buildings, being possible to confirm a common 
knowledge that, since such remote period, foundations 
were made ​​of excavated trenches filled in with 
“compacted” stones.

Around the XVII century, in the range of 1684, the 
reference [4] states that for the construction of the 
Monastery of St. Benedict, in the city of Rio de 
Janeiro, a “Statement of Construction” was written 
which contained specifications for the construction 
of the monastery.  In one of the items presented by 
the document, one can find the techniques for the 
construction of the base foundation. In this statement 
the author demonstrates that concepts of “tension” 
and “resistance of the material’ were already known at 
the time, being associated with the need of reaching a 
foundation level where a subsoil material of sufficient 
hardness to support the superstructure building exists. 
This document also mentioned that the presence of 
water in the subsoil could ruin the trenches excavated 
for the construction of this particular foundation.

Unfortunately the available information of this period is 
rather limited and further knowledge would require a more 
ample and thorough research, which could not be done.

2.2.   Monarchic period (XIXth. century)

The monarchic period lasted around 1 century, and by 
its mid course, in the range of 1850, Brazil was ruled 

by an aristocratic and conservative society, driven by an 
agricultural economy that depended exclusively on slave 
labor. This was the period in which the coffee culture 
granted economic stability to the empire, allowing 
some few entrepreneurs, like Mr. Irineu Evangelista 
de Sousa, or the Baron de Mauá, to open a bank and to 
give financial incentives to large and diversified private 
enterprises, as, for example, the construction of the first 
Brazilian railway in Rio de Janeiro. The construction 
of this railroad was an impressive achievement for the 
time, since this construction was made ​​up of bridges 
and tunnels, the largest of which with over 2000 
meters in span. There are unfortunately few reports 
on the foundations of such bridges, nonetheless such 
engineering work can be highlighted as a true benchmark 
for the geotechnical engineering in Brazil. From then on, 
many other railroads and associated engineering works 
were built along the vast domains of the empire.

At the same time the construction of civil houses 
began to use panels made of bricks attached to beams 
and iron columns, due to the collapse of existing 
constructions built solely on “taipa” (which is a 
constructive technique imported from the Portuguese 
colonizers, still used nowadays in the poor inner rural 
areas of Brazil, based on the manual compaction of a 
mixture of local soil, predominantly clayey type, plus 
water and gravel). 

Since then, the construction of industrial buildings, 
markets, warehouses, railway stations and associated 
works, such as the “Light Station” in São Paulo 
emerged. This construction, among others erected 
between 1884 and 1896 in the cities of São Paulo, 
Rio de Janeiro, Recife and Manaus, included the use 
of imported bricks, steel structural elements, and a 
metal roof. In view of such developments, particularly 
in the structural field, it became also necessary to 
leverage and improve current construction (and 
design) techniques for the foundations. The trenches 
filled with “compacted” stones were soon replaced 
by shallow foundations, strip foundations, or rigid 
blocks of brick masonry or carved rock, manually laid 
down at foundation base and compacted inside the 
ditches. According to reference [5], in the late XIX 
century, after the installation of the first engineering 
schools in the country, witnesses could observe that 
the Brazilian civil engineers held some understanding 
of the “technology of soil”. 
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It is worthy to mention the interesting case of the water 
reservoirs from the Pedregulho station in Rio de Janeiro 
(Figure 1), where two tanks were constructed to store 
water for this (expanding) city, one upstream of the 
other with a differential topographic level of 5 meters. 

After several days of tropical rain, the lower reservoir 
built near the slope base, had several cracks in the walls 
and had to be immediately emptied. According to [6], 
formal transcripts exist of a meeting dated July 12, 
1880, i.e., over two months after the construction of the 
reservoir. The records reveal that  the engineer Honório 
Bicalho (well known in Brazil) diagnosed the cause of 
the accident as due to differential settlements that were 
produced by “the lack of homogeneity of the terrain, 
related to the decomposition of the primitive rock, 
gneiss, which originated a residual soil of compressible 
and collapsible characteristics”. 

During the nineteenth century the interest in mining 
works, particularly iron mining, started to gain 
strength in Brazil. From then on, it started a large 
demand for geological surveys in such related 
works, and a close relationship between geology and 
(geotechnical) civil engineering was established in the 
country. Then, in 1907, the “Engineering Geology” 
field of expertise was initiated, whose early works 
lie in the geological survey for the implementation 
of railways and roads.  Engineering geology also 
significantly contributed at such a time (as of present) 
to the development and implementation of the projects 
of the foundations of embankments and dams, or the 
special art works (bridges, tunnels) of road/railway 
constructions.

Figure 1. Historic picture of the Pedregulho reservoir 
(Public Archives - city of Rio de Janeiro)

With the expansion of the empire, enlargement of 
the cities and population growth, and associated 
natural evolution of the engineering problems, new 
challenges emerged by the mid to the final period 
of this century. Many problems were related to pier 
foundations designed for the construction of ports, 
in regions comprised of geologically characterized 
quaternary deposits, that means with a high frequency 
of sedimentary saturated layers of soft soil materials.

It is also reported that even though wooden piles were 
known and openly used at such time (as for “classical” 
example the Municipal Theater of Rio de Janeiro, erected 
in the early XX century), the lack of knowledge on 
the behavior of the subsoil, allied to the inexistence of 
settlement control techniques, led local contractors to avoid 
constructing new buildings in areas of soft deposits. On the 
other hand, it was precisely the construction of a foundation 
comprised of timber piles, driven by an innovative (for 
the time) steam powered hammer, which promoted the 
successful construction of deep foundations on such coastal 
sedimentary strata. The particular case of the design and 
construction of the Customs Docks in Rio de Janeiro, which 
started in 1866, is an example of that.

2.3.  XXth century

In the early twentieth century the designers and 
contractors started to count with one of the best 
construction materials of the modern civil engineering 
industry: Reinforced concrete. It was known that 
concrete multi layer structures of this era could be built 
over shallow footings of reinforced concrete or on top 
of massive rigid blocks of non reinforced concrete. 
Besides, deep foundations could be represented by 
reinforced concrete types in addition to the wooden ones 
already in use. This era was also initially marked by 
the entry in the market of the first specialized company 
of seaport construction and pile foundations in Rio de 
Janeiro, and by the expansion of the port of Santos, 
where the first reinforced concrete pier supported by 
concrete piles and retained by a sheetpiling wall was 
constructed. Between 1926 and 1927 the dock of Rio 
de Janeiro was also expanded and the foundations 
consisted of pressurized piers made with driven shaft 
elements of reinforced concrete.

However, until the end of the ‘20s, empiricism 
was predominant in geotechnical engineering. 
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“Experimentation, however little, was carried out 
directly in the stonemasonry of the work and in a 
restrained fashion”, according to the former ABMS 
president, the engineer, Antonio Nápoles Neto, in a 
lecture given in 1970 [2]. 

Possibly the first Brazilian geotechnical undertaking 
was described by Domingos da Silva Cunha in the 
Brazilian Journal of Engineering (1920) with the title 
“Experiments on terrain for the study of foundations”. 
In this paper, this author warned of the variations in 
resistance and deformation of the soil as a function of 
chemical content, variations in the terrain’s humidity 
and depth. 

Nevertheless, it was precisely in the next decade that 
the first academic investigations were carried out by 
technological research institutes of the young Republic, 
and by the Polytechnic School of São Paulo (USP), the 
latter one more focused on the particular problems of 
foundation engineering. In 1934, the Laboratory for 
Material Testing of the city of São Paulo was transformed 
into the Institute of Technological Research of São 
Paulo (IPT), attached to the academic activities of the 
Polytechnic School. Early work in IPT started in 1938 
under the coordination of engineer Odair Grillo (well 
known in Brazil) and aimed both the correct paving 
of earth roads and the study of foundations of bridges 
and buildings.  In regard to foundation engineering, 
which is the scope of this paper, the first step to solving 
engineering problems was the development in 1939 [6] 
of a drilling/sounding equipment for the exploration 
and analysis of the subsoil. Thus, IPT standardized 
a soil exploratory device method, later published by 
Vargas (1945), which consisted of the introduction of 
a standard thin walled steel sampler by a percussion 
method with water circulation, simultaneously to 
the counting of the required number of strokes of 
a falling impact hammer of 60kg in weight, from a 
gravity drop height of 75cm. The number of blows 
necessary to penetrate this sampler to a standard length 
of 1 feet (30 cm) was termed as N(IPT). Besides this 
particular number, another standard was created by a 
private company for research and project in soils and 
foundations. This latter one also started to be largely 
adopted in the country, with a distinctive nomenclature 
of N(MG). Subsequently, the reference [7] suggested in 
1948 the worldwide method commonly practiced today, 
known as Standard Penetration Test (SPT), with its 

corresponding N(SPT) number. The high variability of 
the testing results from both “Brazilian” techniques at 
the time, given differences in procedure and especially 
due to distinct “standard” N quantifications, posed 
serious problems of comparison and foundation design 
(via empirical rules, as still used nowadays). Therefore, 
over time, persuaded by regular discussions on 
technical congresses, the IPT´s number N variable was 
replaced by the international SPT quantification method 
of reference [7], this approach was later regulated and 
standardized for the whole country by the Brazilian 
normative NBR 6484 in its first version of 1980.

Among the numerous construction sites and foundation 
works carried out in the country during the 20th century, 
some are worth mentioning and deserve to be described, 
especially given their innovative solutions adopted and 
the engineering difficulties they faced with the available 
technology at the time. 

 A first case that deserves mention in the city of São 
Paulo, around 1925, is the construction of the first 
skyscraper in Latin America, the Martinelli building 
(Figure 2). The foundations were laid down using 
wooden piles and spread footings up to 16 m depth. 
It required lowering the water level, which resulted in 
structural damage to a neighboring building, leading 
to a temporary suspension of the work. The 25 
storey, reinforced concrete MartineIli skyscraper was 
considered the highest in the world at the time. 

Figure 2. Martinelli building in São Paulo [2]
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Another case was the construction of the foundations of 
the State Bank Building. It shall be initially mentioned 
that, given the experience coming from previous 
geotechnical investigation campaigns in São Paulo, 
designers and contractors already had some knowledge 
beyond the local geotechnical parameters, i.e., they 
could also anticipate in some way the foundation 
behavior of the common buildings in the region. 
Nevertheless, in the present case, the construction 
process of the piles of this building encompassed the 
dynamic penetration of closed end tubes through a stiff 
clay stratum. This execution feature caused the lifting 
of the surrounding ground level by values around 
70cm, leading to breakage of surrounding piles that 
had been (previously) molded in place. It was observed 
by load tests carried out in the site that such piles had 
compressive bearing capacities as low as 30% of the 
expected values. The problem was then solved by 
the installation of additional piles, summing up to a 
total of 400 piles in this particular work, all of them 
partially excavated around the shaft after the casting 
period to prevent damage during the driven stage of 
the new piles.

Another example that also deserves mention is the case 
of the Building of the Paulista Insurance Company 
in São Paulo. This is a 26 storey building that began 
construction in 1940, and in which the investigation 
of the subsoil was partially conducted inside the 
construction area given the existence of an old building 
that was about to be demolished (during further 
construction stages). Thus, the piles were designed 
based solely on one of the sides of the site, which 
allowed those foundations to behave as end bearing 
due to an existing shallow stiff clay stratum. However, 
it happened that on the other (non surveyed) side 
existed a layer of soft silt. This misconception in 
design was further aggravated by the (satisfactory) 
load tests solely carried out on piles that were installed 
on the investigated side. After three years, in 1943, 
the building was opened and soon afterwards, the 
IPT Institute detected in the monitoring records an 
accelerating tendency of column settlements from the 
building side located in the non investigated part of 
the site. Daily differences, or settlement increases of 
up to 1mm from morning to afternoon readings, were 
noticed, together with a steadily tilting of the building. 
This edification is presented in Figure 3. 

According to what was presented by reference [8], the 
solution of the problem was achieved by an overall 
freezing process of the subsoil in 162 freezing steps, in 
which the final temperature was kept at -20° Celsius. It 
was followed by the drilling of injections wells, where 
galvanized metallic pipes were installed up to 14m 
in length. With the hardened ground and transitory 
suspension of settlements, injection of concrete was 
carried out through these pipes, transforming them 
into cast-in-situ reinforcement piles. The building 
was finally realigned in the vertical direction by the 
temporary insertion and pumping of hydraulic jacks 
onto existing columns.

Figure 3. Historic picture from the end-of-construction 
building of the Paulista Company ([2])

Still around the ‘40s two other studies conducted by the 
IPT stand out. One of them is related to the foundations 
of the bridge over the Rio Grande river during the 
construction of the railway Corumbá-Santa Cruz de 
la Sierra (in Bolivia), which crossed a terrain filled 
with “quicksands” and swelling clays. The other one 
refers to the design of the foundations of the Steel plant 
in Volta Redonda, where for the first time foundation 
problems associated with soils derived from rock 
alteration, or saprolites was noticed [9].

In the ‘50s, and with continuing studies of the previous 
decade, both IPT and the private company Geotécnica 
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SA monitored the settlements in tall buildings founded on 
shallow foundations at the coastal zone of Santos, an area 
typically known (later on) by its thick layers of saturated 
soft clays. The results of the investigation in Santos were 
henceforth published by references [10], [11] and [12], 
by reference [13] and by reference [14], the latter ones 
related to the settlement of foundations over soft sand 
deposits. Given such experience, reference [15] presented 
arguments and conclusions about the Brazilian expertise 
in forecasting and monitoring the settlements in buildings, 
during the state-of-art of an international conference on 
Soil Mechanics in 1977.

 Within this same decade, the project of the Guaíba river 
crossing in Rio Grande do Sul deserves a special note, 
as this project highlights the use of bridges founded on 
deep foundations of the Franki type with relatively long 
lengths. In Rio de Janeiro the project and construction 
of the building Marquês de Herval, conducted by Prof. 
Costa Nunes (well known internationally), also calls 
for attention. This building was constructed by subsoil 
excavation with the simultaneous water level drawdown 
down to as much as 9 meters deep, in a region surrounded 
by older constructions founded on shallow foundations.

Figure 4. Construction of the foundations of the ministry 
buildings in Brasília (DF Public Archives)

It was also in the ‘50s that the construction of today’s 
capital of the Federative Republic of Brazil, the city 
of Brasilia, had started. Figure 4 presents a photo of 
the construction phase of the ministry buildings in 
1959, in the heart of the new city. Companies from 
the Brazilian capital (at the time), Rio de Janeiro, 
were responsible for conducting the site investigation 
of the subsoil, which is composed of sandstones and 
siltstones covered by a layer of residual soil, originated 
from the same typical metamorphic type rocks of 

the region.  Faced with such distinctive  geological 
conditions (from the coastal zone), the contractors 
opted for deep foundations with Franki type piles and 
uncased manually excavated caissons.

Later on in Rio de Janeiro, between 1960 and 1964, the 
Duque de Caxias oil refinery was built by employing 
several types of deep foundations, among them pressurized 
drilled caissons, which led to a total length that exceeded 
400km of piles. Other relevant information of this work 
is the consumption of concrete and steel that reached 120 
cubic meters and 10 tons (100 kN) respectively. Since 
then, one could affirm that the foundation engineering 
was finally consolidated in the country.

In 1963, the José Bonifácio steel plant, belonging to the 
Paulista Steel Group (Cosipa) was inaugurated close to 
Santos. The region is characterized by the presence of 
wetlands with soft clay deposits at surface extending 
to up to 25 m in depth. Faced with such geological 
conditions the solution by shallow foundations proved 
to be unattainable, allowing the exclusive use of deep 
foundations which totaled 110 thousand piles varying 
from centrifuged precast concrete types, metallic H 
shaped piles and mixed (composite) piles. The main 
problems encountered in implementing the foundations 
of the plant were the execution of the jointing sections 
of the long piles, the enhanced corrosion by the marine 
environment, the excess pore pressures generated 
during the dynamic insertion of the piles and negative 
friction between the shaft and the surrounding soft 
clay by consolidation phenomena. To understand 
and manage the behavior of the foundations, the IPT 
conducted over 300 pile load tests at this site.

Still in the ‘60s, the construction of the highway 
Piaçaguera-Guarujá, now known as Cônego Domênico 
Rangoni, had started close to Santos. About 12km of the 
road lies in a region of very soft organic soils of up to 40 
meters in thickness. Six bridges were required to be built in 
this highway, with particular emphasis on the one crossing 
the Bertioga channel, that required 8 pressurized drilled 
caissons in the central span and dozens of metallic piles, 
with varying lengths from 10 to 60m on the edges. The road 
was opened in 1970 as a result of the implementation of 
pioneering techniques of geotechnical engineering.

The ‘70s was marked by several works of great 
technical challenge and financial impact for the 
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country, taking advantage of the good winds in which 
Brazil was sailing on at the time (nowadays recalled 
as the “economic miracle” era). Among several works 
it is highlighted the Transamazônica highway (1972) 
through the rainforest, The Lagoa-Barra highway 
(1971), the Steel railway (1973), the Immigrants 
highway (1976), the undergrounds in both Rio de 
Janeiro and São Paulo, and some of the astonishing in 
size, for the time, hydroelectric power plants (Itaipú, 
Tucuruí) that still serve the country nowadays.

Regarding the work of foundations, the literature 
highlights the Rio-Niterói Bridge (1974), where a 
tragic accident took place during a load test over the 
Guanabara Bay, causing the death of two workers. This 
bridge is 13.3km long and 26.6m wide, with six lanes 
of traffic, and is still considered nowadays a national 
landmark of engineering, given all the executive 
difficulties and the geotechnical particularities. As for 
the bridge foundations themselves, in the dry (land) 
sections metallic and Franki piles were used, whereas in 
the wet (sea) section pressurized 1.8m diameter drilled 
caissons were constructed with lengths that varied 
according to the thickness of the superficial organic soft 
clay of the bay. This was considered a pioneer solution 
for the time. Altogether 1138 caissons were built, of 
these 462 were pressurized by air, 199 were of mixed 
type and 477 used the “Bade-Wirth” technology. The 
pressurized caissons with enlarged base (similar 
example in Figure 5) were adopted whenever it was 
possible to support them in the sedimentary compacted 
sandy stratum located underneath the soft clay, up to a 
total length of 30 meters. 

Figure 5. Example of pressurized drilled caisson platform 
and work site over a river in Brazil

The mixed caisson types were built with the dynamic 
insertion of a steel pile into a young residual soil and 
the subsequent submerged concrete molding of the 
caisson’s shaft. Finally, the Bade-Wirth types were 
founded on rock and were mechanically drilled with 
the support of a metallic shaft, following the subsequent 
structural reinforcement with a steel cage that was 
lowered down just before the final molding stage.

The ‘80s began with works of great impact that in the 
vast majority have been started in the preceding decade. 
As key examples one can recall the first nuclear power 
plant in Brazil, whose construction started in 1970 
(Angra dos Reis 1 – Figure 6) and the conclusion of the 
hydroelectric power plants. This decade is also marked 
by the construction of the Carajás railroad, the expansion 
of the Rio de Janeiro international Airport of Galeão (also 
known by Tom Jobim airport) and the construction of the 
international Airport of Guarulhos in São Paulo.

In 1982 the Port of Sepetiba in Itaguaí was opened, 
renamed in 2006 to Port of Itaguaí.  The region 
of the implementation of the port has a subsoil 
typically composed by an organic silty clay of high 
compressibility and low bearing resistance, with 
thicknesses of up to 12 meters. Large diameter long 
piles were designed and implemented for the storage 
yard of the port, and the final solution also encompassed 
the dredging of the soft clay layer and its replacement 
by a hydraulically compacted sandy fill.

Figure 6. Angra dos Reis nuclear power plant (Portal 
Brasil, internet governmental site of free access)

In the ‘90s the magnificence of the Brazilian economy 
slowed down, given international external problems, 
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as the “petrol crises”, and national internal financial 
calamities, such as hyperinflation and recession 
(nowadays known as the “lost era”). Nevertheless 
some milestone works can be recalled upon, such as 
the excavation and foundation reinforcement of the 
Sears store in São Paulo in 1989, to what would later 
be known as the Paulista Shopping Center. Located in 
an area of large commercial appeal and high acquisitive 
economic power, this work was marked by its great 
difficulty (see some of the few remaining pictures on 
Figure 7). 

Figure 7. Foundation reinforcement at Paulista Mall ([2])

The original conception was the deployment of three 
additional basements to the original Sears Mall, built in 
1949. It is reported that the original building consisted 
of three floors and a basement with a level difference of 
4.3 m to the street. The first building block had shallow 
foundations founded at 2 meters below the basement 
level, and the second block was supported by drilled 
caissons of 14 meters long, which were constructed in 
1972 during the initial expansion project of this mall.

The foundation solution adopted for the first 
building block was the substitution of the shallow 
foundations to deep ones, allowing the excavation of 
an extra 9 meters of soil, for the 3 additional required 
basements. For the second block, the strategy was the 

simultaneous reinforcement of the existing caissons 
along with the excavation. At the end, the caisson’s 
bases were enlarged and concreted with additional 
steel reinforcement cages. Besides of the foundations, 
retaining structures made of (secant and non secant) 
pile curtain walls with caissons of enlarged (and non 
enlarged) bases were constructed to safely sustain 
the excavation process. It is worthy to mention that 
the commercial activities of the Sears Mall were not 
interrupted during the execution of such services.

2.4.  XXIst century – new millennium

Similar to the readjusting tides, so are the economies 
of the world. After an era of depression and internal 
readjustments, which painfully demanded many 
personal sacrifices, political compromises and a new 
economic order, Brazil was able to turn over the table and 
reestablish itself in the path of sustained development and 
growth. Being part of what is called nowadays the BRICS 
group, the engineering possibilities, challenges and 
achievements for the new millennium are undoubtedly 
broad and large, as well as the encouraging mood and 
optimistic feeling of the people inside and outside the 
country. The coming Football World Cup event (in 
2014) and the Olympic Games (in 2016) have called 
the attention for a general readjustment of key urban 
elements, such as transportation, airports, housing, 
hotel and entertainment venues, energy, security and, of 
course, stadiums and sport arenas of several types (for 
instance, see Figure 8).

Figure 8. Picture from the recently finished sports arena 
in Brasília during construction stage

Therefore, among the various geotechnical works 
which debuted together with the starting millennium, 
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one shall highlight the full renovation of the (tilted) 
buildings in Santos, the expansion of the Porto 
Alegre airport, the conclusion of the express South 
highway of Florianópolis, the construction of the 
piled embankment of the SESC, close to the future 
installations of the Olympic villa in Rio de Janeiro and 
the diverting beltway (ring road) around São Paulo. 

Also, it is worthy to mention the constructions of 
refineries and pipelines in the northeastern and northern 
regions of Brazil, the expansion of the petrol industry 
by the discovery of unknown “pre-salt” oil basin in the 
southeast region, the renovation and construction of 
new sport arenas throughout the 12 base cities of the 
coming World Cup, and the (fast growing) residential 
urban expansion of interior cities all over the country, 
among other things.

The fast development of the country involves not 
only the use of more sophisticated techniques for 
foundations to support the increasing magnitude of the 
loads from superstructures that become more slender 
and tall everyday, but it also involves the formation of 
a skilled work force to safely deal with, the design and 
construction of such demanding structures. This point 
is valid for all fields of engineering, from foundation, 
to civil, mechanical, electrical, naval, energy and so 
on. Besides, the increasing demand for sustainable 
construction, space optimization and green areas have 
obliged urban constructions to use “less noble” subsoil 
areas for parking, transportation, storage and related 
items, leaving open environments for the more noble 
activities of living, entertaining and working. Besides, 
and regarding safety, the Brazilian standard obliges 
the execution of pile load tests in deep foundation 
projects with more than 100 piles. Such experimental 
validation must be done in even larger numbers in 
South America in order to advance the knowledge of 
this field throughout distinct soil sites [16]. 

Therefore, there is a potential challenge to develop 
and sustain an increasing demand for technologies 
capable of producing deep foundations with longer, 
slender and vibration/noise free piles, that would cause 
minimal intervention and disruption to the surrounding 
environment, and would eliminate the production of 
undesirable (environmentally unfriendly) by-products, 
such as contaminated soil, soil-bentonite mixtures, 
etc. It is with such spirit that one must realize that the 

foundation engineers of the future (those who are still 
working or studying today) will face a new reality 
in which the foundation problems will be engaged 
and solved altogether with other perspectives, i.e., 
from the geological and geotechnical point of view 
to the environmental restrictions, special construction 
characteristics, optimization procedures, and for sure 
the mandatory sustainable attitudes of the new age 
(as so well recognized in the recent international 
Conference “Rio+20” held in Brazil).

3.  CONCLUSIONS 

Despite the fact of being one of the South American 
countries that got independence from the colonial 
power at a later stage (1822), Brazil was able to 
accompany and even surpass the urban development 
of some of its neighbors. 

The continuing investment in new machines and 
technology, the formation of a skilled work force at 
distinct levels (from technicians to Ph.D. Professors), 
the appreciation of the high education value, the 
national and international outsourcing of exceptional 
professionals, the free exchange of knowledge between 
multi-level institutions, and the urgent reconfiguration 
of many of the outdated Brazilian standards are some 
of the challenges for the future.
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ABSTRACT: In this paper, we discuss the implementation of Continuous Sampling Plan (CSP)-1 under two scenarios: (i) infallible, and (ii) 
fallible inspection systems. For both cases, we develop an optimization model for designing a CSP-1 that minimizes the total expected cost. 
We use Markov theory to derive the expected results from the application of the CSP-1. A Bayesian approach is used to model the inspection 
system reliability. Based on the analyses for the two models, we offer a discussion on the adverse effects of disregarding inspection errors 
when implementing CSP-1.

Key words: CSP-1, quality, inspection sampling plan, Bayes, Markov, simulation, inspection error, optimization

RESUMEN: En el presente artículo, presentamos un análisis de las implicaciones relacionadas con ignorar errores de inspección cuando 
se implementa un plan de muestreo continuo del primer tipo (CSP-1 por sus siglas en inglés). Nuestro análisis cubre dos escenarios: (1) 
inspección perfecta o infalible, e (2) inspección imperfecta o falible. Para cada caso, presentamos un correspondiente modelo de optimización 
cuyo objetivo es el de minimizar el valor esperado del costo total. El comportamiento de los planes CSP-1 es modelado utilizando teoría 
Markoviana, mientras que la confiabilidad de los sistemas de inspección es modelada mediante un análisis Bayesiano. Las soluciones de 
ambos modelos son confrontadas para establecer comparaciones entre los dos escenarios. 

Palabras clave: Calidad Saliente Promedio (CSP), Planes de Muestreo, Teorema de Bayes, Cadenas de Markov, Simulación, Error Muestral, 
optimización

1.  INTRODUCTION

Quality is one of the most important factors considered 
by customers at the moment of selecting their suppliers. 
In an ideal world, customers would  prefer suppliers 
whose products were absolutely perfect. However, in 
reality, customers usually agree to tolerate a certain 
proportion of defective units. Then, the task for the 
suppliers is to implement inspection policies that 
guarantee that the average outgoing quality level 
(AOQL) of their product, does not exceed a certain 
value, based on the customer’s expectations regarding 
the acceptable proportion of defective units. An 
inspection policy can be defined as inspecting 100% 
of the products. However, due to financial limitations, 
a 100% inspection is not always viable. An alternative 
is to implement sampling inspection plans (SIPs), in 
which only a fraction of the total products is inspected.

The parameters involved in SIPs are often selected in such 
a way that the total expected cost is minimized [1-4].  An 
important assumption when computing the expected cost 
of a SIP is that related to the efficiency or reliability of 
the inspection system. Such inspection systems can be 
human inspectors or machines (from now on we will use 
indifferently the terms “inspector” and “inspection system” 
to refer to both human and machine-based inspection 
systems). In both cases, the occurrence of inspection errors 
is inevitable. There are two types of inspection errors: 
Type I, which refers to classifying a defective unit as non-
defective; and Type II, which refers to classifying a non-
defective unit as defective. Disregarding these errors, i.e. 
assuming perfect performance of the inspector, is unrealistic 
and it can lead to inaccuracies in the computations of the 
expected SIP cost and performance. 

In this paper, we use Markovian and Bayesian analysis 
to develop two optimization models for designing a 
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SIP of the type CSP-1 [5], which applies for products 
that are manufactured through a continuous process. 
The implementation of CSP-1 can be summarized as 
follows:

1.  Initially, inspect 100% of the units until i consecutive 
units are found as non-defective. 

2.  Once i consecutive non-defective units have been 
inspected, discontinue the 100% inspection and 
start to systematically inspect only a fraction f of 
the units. The fractional inspection continues as 
long as the inspected units are non-defective. If a 
defective unit is found, reestablish 100% inspection, 
i.e. return to step 1.

In our first model, we consider the minimization of 
expected costs assuming perfect performance of the 
inspector. This initial model sets the path for developing 
a more realistic model in which our objective is to 
minimize the expected costs when inspection errors are 
taken into consideration. Based on the results obtained 
for such optimization models, we offer a discussion on 
the effects of disregarding inspection errors in CSP-1.

The remaining of the paper is organized as follows: 
Section 2 contains our literature review. In section 
3, we state the description of the problem, as well as 
the corresponding notation and assumptions. Section 
4 presents an optimization model for CSP-1 when 
disregarding inspection errors, whereas section 5 
contains the optimization model when taking into 
consideration such errors. In section 6, we discuss the 
economic impact of disregarding inspection errors, 
based on the results obtained on sections 4 and 5. In 
section 7 we extend our discussion by including the 
transition costs between total and partial inspection. 
Finally in section 8 we present some remarks, 
conclusions and future research directions.

2.  LITERATURE REVIEW

In the literature, we can find some papers that analyze 
the effect of inspection errors in SIPs, such as that 
offered by [6], who use a Bayesian model to evaluate 
the efficiency of inspectors. Another interesting work 
that uses a Bayesian approach is that given by [7]. In 
this latter paper, the authors consider a type of SIP that 
accounts for the number of defects in each inspected 

product. The authors address the problem of analyzing 
the best a priori distribution to model the number of 
defects per unit under the presence of inspection errors. 
Another interesting paper that also considers inspection 
errors is that offered by [8] which establishes a set of 
results for matching Dodge-Romig single plans with 
Dodge-Romig plans under the presence of inspection 
errors.

As mentioned in the previous section, the design of 
SIPs is often subject to economic criteria such as in 
[9]. In that paper, the authors offer a mathematical 
model to design both 100% and single sampling 
plans considering potential inspection errors, while 
minimizing a loss function that accounts for deviations 
of quality characteristics from a certain target value. 
An earlier related work is offered by [10] in which the 
authors develop a model for locating inspection stations 
in an n-stage production system. The optimization 
criterion used in [10] is the cost per good unit accepted 
by the customer. Reference [11] also studies the impact 
of inspection error from an economical perspective. 
More specifically, in [11] the author develops a 
mathematical model and an algorithm for designing 
a SIP under inspection errors, while minimizing the 
expected associated cost. Reference [12] offers a model 
for minimizing inspection costs while imposing upper 
bounds on the inspection errors. 

One fundamental difference between our paper and 
those mentioned above, is that they do not address 
CSP-1 in particular. Two papers that specifically 
investigate CSP-1 under inspection errors from an 
economic point of view are those given by [4], and 
[3]. In the first one, the authors present an optimal 
mixed policy of precise inspection and CSP-1 under 
the presence of inspection errors and return cost. In the 
second, the authors develop a model using a renewal 
reward process approach for selecting an economically 
optimal decision involving three alternatives: “do 
100% inspection”, “do not inspect” and “do a CSP-1 
inspection”. Their model accounts for both types of 
inspection errors. A key difference between the work 
given by [3] and ours is that we assume that as long 
as the customer’s acceptable quality level (AQL) 
is satisfied, there is no penalization for defective 
units delivered to the customer. With this reasonable 
assumption, our optimization models are simplified 
to finding the optimal number of inspected units as 
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the basis for designing an optimal CSP-1, instead 
on focusing on finding directly the parameters of the 
inspection plan (see sections 4 and 5). 

Also, one of the main contributions of our work is that 
it highlights the impact of disregarding inspection errors 
when implementing CSP-1, which allows visualizing the 
importance of recognizing and measuring inspection errors. 
Similar analyses have been made for attribute SIPs, [13-17], 
but to our knowledge, this issue has not been yet addressed 
from the perspective of a supplier that implements CSP-1. 

3.  PROBLEM DESCRIPTION, NOTATION AND 
ASSUMPTIONS

In this section we present the description of our 
problem, as well as the corresponding notation and 
assumptions. 

3.1.  Problem Description

We focus our analysis on a supplier company that uses a 
continuous production scheme. The production process 
has an inherent defective fraction, which is greater than 
the AQL specified by the customer. In order to comply 
with the customer’s AQL, the supplier implements an 
inspection plan of the type CSP-1 that guarantees that 
the AOQL, i.e. the expected proportion of defective 
units that are delivered to the customers, is lower than 
or equal to the customer’s AQL. (The implementation 
of CSP-1 is as described in the Introduction).

The only two parameters involved in CSP-1 are i and 
f. The values for these two parameters are specified 
such that the resulting AOQL does not exceed the 
customer’s AQL. Given the defective fraction of the 
process, different combinations of i and f can be used 
to achieve a desired AQL. 

As mentioned before, the inspector participating in 
CSP-1 is often assumed to be infallible. However, in 
practice, inspection errors are likely to occur. In fact, 
according to the Second Law of Thermodynamics 
[18] and the Principle of Uncertainty of Heisenberg 
[19], it is not possible to have perfect inspectors, 
and if they were perfect, it would be impossible to 
prove it. Our objective is to perform an analysis of 
the implementation of CSP-1 under two scenarios: 
(1) assuming infallible inspection systems; and (2) 

considering the presence of inspection errors. We then 
study the impact of disregarding such inspection errors.

3.2.  Assumptions

Our assumptions can be summarized as follows:

•	 The value of the defective fraction of the production 
process is deterministic and known.

•	 Throughout CSP-1, every rejected unit must be 
replaced by an acceptable one, according to the 
inspector criteria. 

•	 Additional units produced to replace rejected ones, 
are also inspected.

•	 As long as the AOQL delivered by the company 
is at most equal to the customer’s AQL, there is 
no penalization for defective units received by 
customers.

•	 The purpose of the supplier company is to design 
a CSP-1 that guarantees an AOQL lower than or 
equal to the customer’s AQL.

•	 For simplicity, we perform our computations for a 
shipment of Q units delivered to the customer.

3.3.  Notation

•	 2 :θ  event of a unit being defective

•	 1 :θ  event of a unit being non-defective

•	 ( )jP θ : probability of occurrence of event jθ , for 
1,2j = . Note that ( )2P θ is the fraction defective 

of the process, and that ( ) ( )1 21P Pθ θ= −

•	 AQL : acceptable quality level specified by 
the customer. We assume that ( )2AQL P θ< . 
Otherwise, there would be no need to implement 
CSP-1.

•	 AAOQL : average outgoing quality level for a CSP-
1 under infallible inspection systems

•	 :BAOQL  average outgoing quality level for a 
CSP-1 under inspection errors

•	 Q : size of the production batch to be analyzed
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•	 1S : event of the inspection system classifying a unit 
as non-defective

•	 2S : event of the inspection system classifying a 
unit as defective

•	 ( )kP S : probability of occurrence of event kS  for 
1,2j = . Note that ( ) ( )1 21P S P S= −

•	 AU : expected number of inspected units for a CSP-
1 under infallible inspection systems

•	 BU : expected number of inspected units for a CSP-
1 under fallible inspection systems 

•	 sc : cost of inspecting one unit

•	 rc : cost of rejecting one defective unit

4.  ECONOMIC ANALYSIS FOR CSP-1 UNDER 
IDEAL INSPECTION PROCEDURES

In this section we present a discussion on the optimal 
expected cost of implementing CSP-1 under ideal 
conditions, i.e. infallible inspection systems. 

As mentioned before, for CSP-1 to be useful, the 
AOQL must be at most equal to the consumer’s AQL. 
A way to assign values to the parameters involved in 
the CSP-1 is by using Markovian analysis, in which 
CSP1- procedure is considered as an ergodic Markov 
chain. Two Markovian states are identified: (1) 100% 
inspection and (2) systematic inspection [18]. When 
analyzing CSP-1 as a Markov chain, the transition 
matrix would be as depicted in Table 1 [20]. Based on 
Table 1, we can define the steady-state probabilities 

*
100%x   and *

fx  respectively for the states of 100% and 
fractional inspection [20]:

( )
( ) ( )

2*
100%

2 1
i

P
x

P P
θ

θ θ
=

+
			   (1)

( )
( ) ( )

1*

2 1

i

f i

P
x

P P
θ

θ θ
=

+
				    (2)

Recall that Q  represents the amount of products being 
inspected. Then, the expected number of inspected units 
in CSP-1 is given by * *

100%  fQ x fx +   [20], which can 

be expressed as follows: 

( ) ( )
( ) ( )

2 1

2 1

,
i

A i

P fP
U Q

P P
θ θ

θ θ

+
=

+
	 		  (3)

Table 1. Transition Matrix for CSP-1
100% Inspection Frac t i ona l 

Inspection
100%  
Inspection ( )11 iP θ− 	 ( )1

iP θ

Fractional 
Inspection 	 ( )2P θ ( )1P θ

The total expected number of rejected units would be 
equal to the number of detected defective units, i.e. 

( )2AU P θ .  The AOQL would be equal to proportion 
of the undetected defective units, which can be 
expressed as a  function of AU  as follows [20]:

( ) [ ] ( )2 A
A A

Q U P
AOQL U

Q
θ−

= 		  (4)

Two types of costs must be considered for the 
implementation of CSP-1: inspection cost, and 
defective units cost. The expected inspection cost 
would be s Ac U , where 

AU  is given by expression (3). 

On the other hand, the cost due to defective units 
involves the replacement of defective detected units 
by non-defective ones. This implies producing and 
inspecting additional units in order to replace the 
defective ones. Note that due to the defective fraction 
of our process, for producing an amount of X non-
defective units, the expected number of units to be 
produced would be 

( )1

X
P θ

, since we should expect 

( )2XP θ  units to be defective. Let us denote pc  as the 

cost of manufacturing one unit of product. Then, the 
expected cost due to defective units would be 

( )
( )

2

1

A
p s

U P
c c

P
θ
θ

 + 
. Additionally, we need to include 

the cost of rejecting each defective unit, denoted by rc .  

Then the total expected cost for CSP-1, can be 
expressed in terms of AU as:
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( )
( )
( ) ( ) ( )2

2
1 1

A A A

p s
s r

C U U

c P cc c P
P P

θ
θ

θ θ

=

 
+ + + 

 

		  (5)

The expected cost for CSP-1 under infallible inspection 
systems, given by equation (5), has AU  as its only 
variable. The minimization of (5) is restricted by the 
fact that the AOQL given in (4) must be at most equal 
to the customer’s  AQL. Then our optimization model 
can be expressed as:

Minimize (5) subject to:

( )21 AU P AQL
Q

θ 
− ≤ 

 
			   (6)

We have that the AOQL is a decrement function of 
the proportion of inspected units. On the other hand, 
by inspecting (5) we notice that the expected cost is 
an increasing function of AU . Therefore, the optimal, 
value of AU , i.e. *

AU , is the minimum AU  that allows 
complying the constraint given by (6). Any value 
lower than *

AU  would imply an AOQL greater than 
the customer’s AQL, whereas a value greater than *

AU  
would not be economically optimal. Then, *

AU   can be 
computed as follows:

( )*
2| 1 A

A A
UU U P AQL
Q

θ 
= − = 

 
		  (7)

When solving (7) we obtain:

( ) ( )
*

2
2

A
QU P AQL

P
θ

θ
=  −   			   (8)

Having determined the value of *
AU , it is possible 

to compute the parameters of CSP-1 using equation 
(3) which relates ( )2, , ,  AU P f iθ and Q, where  

( )2,AU P θ  and Q would be given. We can specify 
the value of one of the parameters and then solve for 
the other, based on the desired value of the AOQL. In 
this case, it is simpler to select a value of i  and then 
solve for f, as follows:

( ) ( )
( ) ( )

2 1

2 1

1
i

i

AOQL P P
f

P P

θ θ

θ θ

 + = −
		

(9)

At this point, we would like to highlight two properties 
regarding the optimal expected cost and the optimal 
expected number of inspected units for CSP-1 under 
infallible inspection. First we have that expression (8) 
can be stated as  [ ]

( )
*

2
A

AQL Q
U Q

P θ
= − . Therefore, we 

can conclude that *
AU  increases with ( )2P θ .  This is 

a reasonable result since, intuitively, we would expect 
to have to inspect more units to guarantee a certain 
AQL for greater defective fractions. Second, by 
inspecting expression (5) we can notice that the optimal 
expected cost increases with ( )2P θ . Again, this 
finding is also reasonable since the inspection, 
replacement and rejection costs increases with the 
defective fraction of the process. 

5.  EXPECTED COST FOR CSP-1 UNDER 
INSPECTION ERRORS 

In the ideal case discussed in the previous section, an 
underlying assumption is that the inspection procedure 
is infallible. Therefore, it is assumed that whenever an 
inspected unit is classified as non-defective, such a unit is 
actually non-defective (an analogous analysis applies for 
units that are classified as defective). However, in practice 
we would expect inspection systems not to be infallible 

When we drop the infallibility assumption, the 
transition matrix given in Table 1 does no longer apply 
for CSP-1, since the probability of an inspected unit 
being classified as defective is not equal to the actual 
defective fraction of the process. Also, recall that 2  S
is the event of the inspection system classifying a unit 
as defective, and 1S  as non-defective. Anytime an 
event 1S  occurs, it means that the inspected unit has 
been accepted, whereas 2S  implies the rejection of the 
inspected unit. In our model we consider two types of 
conditional probabilities: 

•	 Validity: ( )|   1,2, 1, 2 i jP S for i jθ = = gives the 
probability that the inspector makes a decision iS  
given that the actual status of the inspected unit is 

jθ . Note that such conditional probabilities are 
inherent to the inspector. 

•	 Prediction:  ( )|   1,2, 1, 2j kP S for j kθ = =  gives 
the probability that an inspected unit is jθ , given 
that the inspector has classified it as kS . 
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The two types of inspection errors discussed in the 
Introduction section can be now defined in terms of 
the conditional probabilities stated above, as follows:

( ) ( )2 1  |IP P ErrorType I P S θ= = 		  (10)

( ) ( )1 2  |IIP P ErrorType II P S θ= = 		  (11)

By applying Bayes theorem and using the conditional 
probabilities discussed above, we can compute the 
probability of a unit being classified as defective, 
( )2P S , as follows:
( )
( ) ( ) ( ) ( )

2

2 2 2 2 1 1| |

P S

P S P P S Pθ θ θ θ

=

+
		  (12)

In a similar way, we can compute ( )1P S . Then, the 
transition matrix for a CSP-1, when considering inspection 
errors, would be as shown in Table 1, but replacing jθ  by 

jS . We can perform a statistical analysis similar to that 
offered in section 3.1 to compute an expression for the 
expected number of inspected units ( )BU , and the 
corresponding AOQL ( )BAOQL . For BU  we have:

( ) ( )
( ) ( )

2 1

2 1

i

B i

P S fP S
U Q

P S P S
+

=
+

			   (13)

To find the AOQL, we need to compute the expected 
proportion of defective units that would be delivered 
to the customers. First, we have the expected number 
of defective units that are inspected, and that are 
accepted due to error type II, i.e. ( ) ( )2 1 1|BU P S P Sθ . 
Also, when performing the inspection, some units will 
be rejected and additional units would be produced and 
inspected to replace the rejected ones, which would be 
equal to ( )

( )
2

1

BU P S
P S

. Among these additional units, we 

will also have defective units that are erroneously 
classified as non-defective and are sent to the customers, 
i . e .  ( )

( ) ( ) ( )2
2 1 1

1

|BU P S
P S P S

P S
θ

 o r  s i m p l y , 

( ) ( )2 2 1|BU P S P Sθ . Additionally, there will be some 

defective units delivered to the customers which come 
from those units that are never inspected during the 
fractional inspection. Therefore, the AOQL in this case 

can be expressed as:

( )
( ) ( ) ( ) ( )

( ) ( )

2 1 1 2 2 1

2

| |
B B

B B

B

AOQL U

U P S P S U P S P S
Q

Q U P
Q

θ θ

θ

=

+

−
+

	 (14)

which can be simplified as follows:

( )
( ) ( ) ( )

22 2 1 2|
B B

i

AOQL U

QP U P S P
Q

θ θ θ

=

+  −   		  (15)

Regarding the expected cost for CSP-1 under inspection 
errors, we have four different components: (1) cost of 
inspecting units, (2) cost of replacing rejected units, (3) 
cost due to rejecting defective units, and (4) opportunity 
cost due to inspection error Type I. The first cost is 
simply s Bc U . For the expected cost of replacing rejected 
units we have that, as discussed in section 3.1, we need 
to produce and inspect additional units to replace those 
that have been rejected. Note that a proportion equal to 
( )2P S  of such additional units would be also rejected. 

Then, the expected number of additional units that we 
must produce and inspect to replace ( )2BU P S  rejected 

units would be ( )
( )

2

2

 
1

BU P S
P S−

. 

Therefore, the second component of the expected cost 
for CSP-1 under inspection errors would be 

( )
( )

2

1

 B
s p

U P S
c c

P S
 + 

. The expected costs related to 

reject ing defect ive units  would be s imply 

( ) ( )2 2 2|rc BP S P Sθ . 

Finally, let us denote as Ic  the cost of erroneously 
classifying a non-defective unit as defective (Type I 
error). Then, the expected cost due to a Type I error 
would be ( ) ( )1 2 2 |  B IU c P S P Sθ . Recall that we have 
assumed that defective units sent to the clients do not 
generate an extra cost as long as the AOQL is lower 
than or equal to the customer’s AQL. Therefore, we 
do not introduce any cost due to errors Type II. Then, 
the total expected cost of implementing CSP-1 under 
inspection errors is given by equation (16).
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( )
( )
( )

( )
( )

( ) ( ) ( )

2 2

1 1

1 2 2 2 |  

B B B

s s p

I r

C U U

P S P S
c c c

P S P S

c P S P S c P Sθ

=

 
+ + 

 
 + + 

		  (16)

The expected cost for CSP-1 given by equation (16), 
has BU  as its only variable. The minimization of (16) 
is restricted by the fact that the AOQL given in (14) 
must be at most equal to the customer’s AQL. Then our 
optimization model can be expressed as:

Minimize (16) subject to:

( ) ( ) ( )2 2 1 2|BQP U P S P
AQL

Q
θ θ θ+  −   ≤ 	 (17)

Note that by assuming that ( ) ( )2 2 1|P P Sθ θ> , the 
AOQL is a decrement function of the proportion of 
inspected units. This is a reasonable assumption, since the 
role of the inspector is to reduce the number of defective 
units delivered to the customers (otherwise, it would be 
better not to use the inspector). On the other hand, the 
expected cost is an increasing function of BU . Therefore, 
we can proceed as before to find the optimal value of 

BU , i.e. *
BU , which would be the minimum BU  that 

allows complying the constraint given by (17). Then, 
*
BU   can be computed as follows:

( ) ( ) ( )

*

2 2 1 2|
|

B B

B

U U

QP U P S P
Q

AQL

θ θ θ

=

+  −  

=

		

(18)

Then, we have:

			   (19)

Having determined the value of *
BU , it is possible 

to compute the parameters of CSP-1 using equation 
(13). To do so, we can specify the value of one of 
the parameters and then solve for the other, based on 
the desired value of the AOQL. As mentioned in the 
previous section, it is simpler to select a value of i  and 
then solve for f, as follows: 

		 (20)

By inspecting expression (20) we have the following 
properties, which will be stated without proof due to 
their simplicity:

Property 1: the optimal expected number of inspected 
units, i.e. *

BU , is directly proportional to the difference 
between the fraction defective of the process and the 
customer’s AQL.

Property 2: the optimal expected number of inspected 
units, i.e. *

BU , is inversely proportional to the difference 

( ) ( )2 2 1|  P P Sθ θ −   . Notice that, given that a unit 

has been delivered to the customer, if we did not 
implement an inspection plan at all, the probability of 
such a unit resulting defective is ( )2P θ ; whereas if 
we implemented a CSP-1, such probability would 
decrease to ( )2 1|P Sθ . Then, this property states that 

*
BU  is inversely proportional to the improvement 

obtained for having an inspection system, regarding 
the chances of delivering a defective unit to the 
customer. 

Regarding the optimal expected cost, we have that it 
increases with the proportion of rejected units and with 
the probability of rejecting a non-defective unit. As it 
depends on  *

BU , it also increases with ( )2P AQLθ −    

and decreases with ( ) ( )2 2 1|  P P Sθ θ −   . 

6.  CSP-1 UNDER INFALLIBLE INSPECTION VS. 
CSP-1 UNDER INSPECTION ERRORS

Let us consider the case in which we are interested in 
implementing a CSP-1 while minimizing the total 
expected cost. If we took into consideration the 
presence of inspection errors, we would compute the 
optimal value for *

BU  as discussed in section 5. 
However, if we neglected such inspection errors by 
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assuming infallible inspection systems, we would 
compute a suboptimal value *

AU  based on the analysis 
provided in section 4. The difference between *  BU  and 

*
AU  can be stated as:

( )

( ) ( ) ( )

* *
2

2 2 2 1

1 1
|

A BU U Q P AQL

P P P S

θ

θ θ θ

− =  −  
 

− − 

			   (21)

Expression (21) is always lower than or equal to zero, 
by our assumptions that  and 
( )2P AQLθ > . Therefore, by implementing a CSP-1 

with the expected number of inspected units equal to 
* *
A BU U< , we should expect that in the long run we 

will not be able to comply with the customer’s AQL. 
By inspecting expression (21) we can formulate the 
following properties:

Property 3: The difference * *
A BU U −   is directly 

proportional to the difference between the fraction 
defective and the customer’s AQL. This means that 
even though both *  BU and *  AU increases with 

( )2P AQLθ −   , the rate at which such an increment 
occurs for *

BU  is greater than for *
AU . This can be 

verified by examining expressions (8) and (19), from 
which we obtain that the rate at which *

BU  changes 

with ( )2P AQLθ −    is 
( )2 2 1( | )

Q
P P Sθ θ−

. This 

rate is greater than that for *
AU , which is equal to 

( )2

1
P θ

.

Property 4: The magnitude of the difference 
* *
A BU U −   decreases with the improvement obtained 

for having an inspection system, defined as 
( ) ( )2 2 1|P P Sθ θ −   . Moreover, in the ideal case in 

which an accepted unit never happens to be defective, 
i.e.  ( )2 1| 0P Sθ = , we would have * *

A BU U= .

A reasonable assumption is that if a customer receives 
a shipment of units whose AOQL is greater than the 
customer’s AQL, all units in such a shipment would be 
rejected and returned to the supplier. Therefore, if we 
design our CSP-1 disregarding inspection errors, in the 

long run we should expect the customer to return all of 
our shipments! Hence, we can conclude that using *

AU  
as the optimal policy in the presence of inspection error, 
is not economically suboptimal, but simply unviable. 

7.  EXTENSION CONSIDERING TRANSITION 
COSTS BETWEEN TOTAL AND PARTIAL 
INSPECTIONS

So far we have only considered the costs related 
to inspection, rejection and classification errors. 
This approach is valid only when the cost due to 
the transition between total and partial inspection is 
insignificant. However, let us assume that we we would 
need to stop the production process and reprogram 
the inspection system when shifting from one type of 
inspection to the other. In that case, the assumption that 
the transition costs between total and partial inspections 
can be neglected would no longer apply.  Let us first 
focus in the ideal case in which there are no inspection 
errors. Let us also introduce the following additional 
notation: 

•	 1c : cost for shifting from 100% to systematic 
inspection

•	 2c : cost for shifting from systematic to 100% 
inspection

•	 1U : number of expected units to be inspected during 
100% inspection

•	 2U : number of expected units to be inspected 
during systematic inspection

The expected number of times that we would shift from 
100% to systematic inspection is given by the steady-
state probability *

100%x  times the total number of units, 
Q, times the probability of shifting from 100% to 
systematic inspection which is ( )1

iP θ ,  i .e. 

( )*
100% 1Q ix P θ . We also have that *

1 100%U Qx= . Then, 

we have that the expected number of times that we 
would shift from 100% to systematic inspection would 
be given by ( )1 1

iU p θ . Similarly, the expected number 
of times in which we would shift from systematic to 
100% inspection would be given by ( )2 2U p θ , where 
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*
2 fU Qfx= . Then the total expected cost under ideal 

inspection would be given by:

( )
( )
( ) ( ) ( )

( ) ( )

2
2

1 1

1 1 1 2 2 2

A A A

p s
s r

i

C U U

c P cc c P
P P

c U p c U p

θ
θ

θ θ

θ θ

=

 
+ + + 

 

+ +

		  (22)

As mentioned before, the minimization of the cost 
given by (22) is subject to (6). 

Note that from expression (22) we have the following 
properties:

•	 1 2 AU U U+ = . 

•	 Our findings presented in section 4 regarding the 
optimal number of units to be inspected still apply. 
This means that the optimal number of units to be 
inspected is  ( )*

2| 1 A
A A

UU U P AQL
Q

θ 
= − = 

 

. 

To see why, let us first consider the case in which 
we inspected less than *

AU . In that case we would 
violate the constraint given by (6) which is not 
allowed. For the other case, let us consider that we 
inspect 

'
AU  units where ' *

A AU U> . Then, clearly the 
first term of (22) would be greater for '

AU  than for  
*
AU . Also, ( )A AC U  is an increasing function of both 
1U  and 2U . So if there is a combination of values 
1 2U U+  that allows complying with the constraint, 

such a combination would dominate any other that 
yields to a greater values of  1 2U U+ . Therefore, 

*
AU  is always a better solution than '

AU .
( )A AC U  can be expressed as:

( )

( )
( )

( ) ( )

( ) ( ) ( )

2

1

2
1

1 1 1 2 1 2

p
s

A A A
s

r

i
A

c P
c

P
C U U

c c P
P

c U p c U U p

θ
θ

θ
θ

θ θ

 
+ 

 =
 
+ + 
  

+ + −

		

(23)

By realizing that ( )*
2| 1 A

A A
UU U P AQL
Q

θ 
= − = 

 
, 

we just need to focus on optimizing ( )A AC U  in terms 
of 1U . Therefore, our optimization problem becomes:

( ) ( )
( ) ( )

1 1 1 1

*
2 1 2

 i

A

MinZ U c U p

c U U p

θ

θ

=

+ −
			   (24)

By inspecting (24) we have that the optimal value of 
1U , namely *

1U  is given by:

•	
* *
1 AU U=  if ( ) ( )1 1 2 2 0ic p c pθ θ− ≤ . This means 

that we would remain in 100% inspection and we 
would avoid shifting to systematic inspection. This 
can be achieved by making  *

Ai U=  and f = 0.

•	
*
1 0U =  if ( ) ( )1 1 2 2 0ic p c pθ θ− ≥ . This would 

imply that we never enter 100% inspection. This can be 
achieved by starting directly the systematic inspection, 
making 0i = . The value of f must be such that:

( )
( ) ( )

( ) ( )

1* *
2

1 2

2
2

i

f i

p
U Qfx Qf

p p
QP AQL

P

θ

θ θ

θ
θ

= =
+

=  −  

		  (25)

Then, the optimal value for f  would be given by:

( )
( )

( ) ( )
( )

2 1 2

2 1

i

i

P AQL p p
f

P p

θ θ θ
θ θ

  −  +  =     
	 (26)

Now let us discuss the case in which we consider 
inspection errors. By a similar analysis to that applied 
for the case without inspection errors, we obtain that:

( )
( )
( )

( )
( )

( ) ( ) ( )
( ) ( )

2 2

1 1

1 2 2 2

1 1 1 2 2 2

 |  

B B B

s s p

I r

i

C U U

P S P S
c c c

P S P S

c P S P S c P S

c U p S c U p S

θ

=

 
+ + 

 
 + + 

+ +

		

(27)
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It can be easily shown that, as in the previous case, our 
findings for section 5 still apply and therefore 

. Then, our optimization 

problem becomes:

( ) ( )
( ) ( )

1 1 1 1

*
2 1 2

 i

B

Min Z U c U p S

c U U p S

=

+ −
			   (28)

By inspecting (28) we arrive to similar conclusions as 
those exposed for the previous case:

•	
* *
1 BU U=  if ( ) ( )1 1 2 2 0ic p S c p S− ≤ . Therefore  *

Bi U=  and f = 0.

•	
*
1 0U =  if ( ) ( )1 1 2 2 0ic p S c p S− ≥ . This can be 

achieved by starting directly the systematic inspection, 
making 0i = . The value of f must be such that:

		  (29)

Then, the optimal value for f  would be given by:

	 (30)

8.  CONCLUSIONS AND FUTURE RESEARCH 
DIRECTIONS

In this paper we have presented two models for designing 
optimal CSP-1 from an economic perspective, under 
two scenarios: infallible and fallible inspection systems. 
Our work combines Markovian and Bayesian analysis 
to model the uncertain parameters of the system. We 
found that for both models, the optimal decision is 
to implement a CSP-1 whose expected number of 
inspected units is the minimum required to guarantee 
that the AOQL does not exceed the customer’s AQL. 
From our findings, we can conclude that implementing 
the model for infallible inspection systems when actual 
inspection errors are present, results in a violation of the 

customer’s AQL. We have also extended our analysis 
for the cases in which the costs for shifting between 
100% and systematic inspections cannot be neglected. 
Our results show that the optimal answer in this case 
is either to remain whether in 100% or in systematic 
inspection, but never switch between the two styles of 
inspection within the same process .

As future research direction we recommend to 
consider the defective fraction as stochastic rather than 
deterministic. In this regard, the probability function of 
the fraction defective can be modeled using the Normal 
approximation to the Binomial distribution. Also, our 
analysis can be extended to other SIPs, such as CSP-2, 
CSP-3 and other related ones. 
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ABSTRACT: A two-dimensional computational model for the electrokinetic remediation of copper from a contaminated soil is presented. The 
model is an adaptation of the original code developed by one of the authors, in which the chemical composition and transport of the copper species 
in solution were incorporated. The model includes electromigration, electroosmosis, ordinary diffusion, and convection transport mechanisms, 
it assumes local chemical equilibrium and unsteady state conditions. An artificially contaminated  soil from Cananea, Mexico was used as an 
example. The model predictions were compared with experimental data collected in a laboratory, circular-shaped soil in which a central anode and 
four cathodes in the periphery were inserted. A reasonable agreement between the predicted and the experimental values was obtained in terms of 
the spatial distributions of pH and copper concentration. The potential applications of the computational model are discussed. 

Key words: Electrokinetic remediation, copper-contaminated soil, mathematical model.

RESUMEN: Se presenta un modelo computacional en dos dimensiones para la eliminación electrocinética de cobre de un suelo contaminado. 
El modelo es una adaptación del código original desarrollado por uno de los autores, al cual se incorporaron la composición química y 
el transporte de las especies de cobre en solución. El modelo incluye los mecanismos de transporte por electromigración, electroósmosis, 
difusión ordinaria y convección, se supone equilibrio químico local y régimen no estacionario. Un suelo natural de Cananea, México se 
utilizó como ejemplo. Las predicciones del modelo se compararon con datos experimentales obtenidos a nivel laboratorio en un suelo 
circular con un ánodo central y cuatro cátodos insertados en la periferia. Las predicciones del modelo concordaron razonablemente bien con 
las distribuciones espaciales de pH y concentración de cobre. Se discuten las aplicaciones potenciales del modelo computacional.

Palabras clave: Electrocinética, modelo matemático.

1.  INTRODUCTION

The contamination of soils by heavy metals is a 
current concern worldwide. Metallic contaminants 

are typically retained within the soil components, but 
may be released and transported to the aqueous phase 
in the pores and other soil locations depending on 
both weather conditions and the spatial distributions 
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of pH and oxidizing potential within the soil [1]. The 
remediation of affected sites has been proposed by 
several techniques. The present work focuses on an 
extraction process usually referred to as electrokinetic 
remediation of soils [2-6]. In this process, the affected 
soil is water-flooded to promote the dissolution of 
contaminants as ionic species in solution. Next, a 
series of electrodes is inserted into the soil, and an 
electrical potential difference is applied. The electric 
field causes the motion of the ionic species towards the 
electrodes of opposite sign, where they react to form 
insoluble neutral compounds which precipitate rapidly. 
At the end of the process, the small volume of the 
contaminant-rich soil in the vicinity of the electrodes 
may be removed by mechanical techniques for further 
treatment and disposal. An alternative way of operation 
consists of injecting a continuous flow of fresh 
water to selected electrode wells while the electrical 
potential difference is applied. The bulk flow of water 
facilitates the transport of the contaminants through 
and out of the soil by convection. The electrokinetic 
remediation process is a novel technology which is 
currently under development. The literature shows 
a number of experimental studies [2-6] for different 
types of contaminants. Such a practical knowledge has 
been complemented with mathematical formulations 
[2,7-9] aimed at representing on a quantitative basis 
the relevant phenomena occurring in the system; 
namely, electroosmosis, electromigration, ordinary 
diffusion, and convection, which are responsible for 
the transport of the chemical species throughout the 
soil. Such phenomena occur simultaneously with 
homogeneous, liquid-phase chemical reactions, as 
well as the electrochemical decomposition of water at 
the surface of the electrodes. Adsorption of some of 
the species on the surface of the soil pores may also 
occur [2,8]. The present investigation was motivated by 
recent reports regarding soil contamination by copper 
in some areas of the city of Cananea, Mexico [10]. 
Based on the analysis of the soil samples [11], it was 
of interest to elucidate the potential of electrokinetic 
remediation as a candidate to treat such soil. Over the 
last years, significant advances on the elucidation of the 
mechanisms governing the electrokinetic remediation 
of soils have been made [2-9]. Whereas most of the 
literature has focused on one-dimensional systems 
in which one anode and one cathode are used, recent 
experimental works [12,13] have addressed two-
dimensional systems in which a spatial distribution 

of electrodes is considered. From a theoretical 
standpoint, Jacobs and Probstein [9] reported on the 
first two-dimensional mathematical model for the 
electrokinetic remediation of soils. The model was 
verified by comparing its predictions with experimental 
data collected in a bed of kaolin particles. Recently, 
Vereda-Alonso et al. [14] reported on a simplified two-
dimensional model in which the motion of the chemical 
species was mostly attributed to electromigration; thus, 
electroosmosis, diffusion and convection mechanisms 
were neglected. The model predictions showed good 
agreement with the experimental data collected in a 
square two-dimensional porous medium made up of 
kaolin particles. The present investigation is based 
on a previous study by Jacobs [15], who found that 
electrode arrangements in which the anodes are 
surrounded by a number of cathodes provide greater 
efficiencies than those in which the cathodes are 
surrounded by the anodes. To the best of the authors´ 
knowledge, such an electrode arrangement has yet not 
been studied experimentally in the literature. The goal 
of this investigation was twofold: (1) to test whether 
the original formulation by Jacobs and Probstein [9] 
was capable of predicting with reasonable accuracy 
the kinetics of electroremediation of an artificially 
contaminated soil, and (2) to analyze the main features 
of the process in a two-dimensional soil field by means 
of computer simulation. Parts I and II of this series are 
thus devoted to such goals, respectively. 

2.  MODEL FORMULATION

The goal of the mathematical formulation was to 
provide a quantitative representation of the relevant 
phenomena occurring during the electrokinetic 
remediation in a two-dimensional framework. The 
mathematical model developed by Jacobs and Probstein 
[9] was the starting point. Because a detailed description 
of the mathematical  formulation was reported by the 
authors [9], only a brief description is presented here. 
The continuity equation for the i-th aqueous species 
within the porous medium is written as

ii
i RN

t
C ψψψ

=•∇+
∂

∂ 				   (1)

where all the symbols are defined in the Nomenclature. 
The flux Ni includes the contributions by electroosmosis, 
electromigration, ordinary diffusion, and convection 
transport mechanisms. The numerical solution of 
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Equation (1) is difficult by conventional finite-
difference methods such as Runge-Kutta and related 
algorithms [16]. This is because the chemical reaction 
terms Ri are several orders of magnitude higher than 
the transport terms appearing on the left-hand side of 
Equation (1), which causes numerical instabilities. An 
alternative way of solving Equation (1) is by assuming 
local chemical equilibrium throughout the porous 
medium. This allows the specification of a new set of 
independent quantities Tk defined by

)...(1        
1

MNkCT
N

i
iikk −==∑

=

α 		  (2)

where αik  is a stoichiometric coefficient representing 
the contribution of species i  to the conserved quantity 
k, N is the total number of chemical species, and M 
is the number of chemical reactions occurring in the 
system. Symbols Tk are defined in such a way that they 
are not affected by the chemical reactions. Multiplying 
through Equation (1) by αik and taking the summation 
over all i values yields 
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Because the amount of every element is conserved 
throughout the chemical reactions, the right-hand side 
of Equation (3) is equal to zero. Further substitution 
of Equation (2) into Equation (3) yields, upon 
rearrangement

∑
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Because the right-hand side of Equation (4) does not 
contain chemical reaction terms, this  equation may 
be solved by conventional finite-difference and finite-
element methods. The numerical solution of Equation 
(4) thus provides the values of the conserved quantities 
Tk as functions of both time and position within the 
porous medium. Once the Tk values are known, the 
concentration of the individual species in the solution 
Ci may be computed from Equation (2) coupled to the 
chemical equilibrium relationships:

( ) MjCK
N

i
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ij ...1      
1

==∏
=

γ 			   (5)

Equations (2) and (5) is a set of N nonlinear algebraic 
equations with N unknowns; namely, C1 through CN. 
In this study, the set of equations was solved by means 
of the multivariable Newton-Raphson algorithm [16]. 

The specification of the chemical system was computed 
according to the procedure described by Butler and 
Cogley [17], and was based on the equilibrium diagram 
for the copper-water system reported by Fuerstenau 
and Palmer [18]. The resulting diagram is shown in 
Figure 1.

 
Figure 1. Distribution of chemical species in aqueous 

solution at 25 °C. Total copper concentration: 10-4 mol/L. 
Adapted from Fuerstenau and Palmer [18].

The  resu l t ing  chemica l  sys tem inc luded: 
N = 13 chemical species and M = 5 conserved 
quantities, and is shown in Table 1. Also shown are the 
mobilities and effective diffusivities of the chemical 
species. Four continuity equations for the conserved 
quantities: T1 through T4 were solved within the porous 
medium. Quantity T0 is the net electrical charge of the 
aqueous solution, which must be zero at all times. Thus, 
it is a restriction for the local values of the species 
concentrations. Table 2 shows the chemical reactions 
considered in this study, as well as their equilibrium 
constants computed from the HSC software [21]. The 
specification of such reactions satisfies thermodynamic 
consistency. In addition to the homogeneous reactions 
occurring in the aqueous phase, the heterogeneous 
decomposition of water was assumed to occur at 
the anode surface: . At the 
cathode surface, water was assumed to react according 
to: . From a numerical 
standpoint, such reactions represent boundary 
conditions to Equation (4). The model also includes the 
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equations to compute the density of total electric charge, 
the electrostatic potential, and the pressure distribution 
throughout the soil. Details of such equations and the 
overall numerical strategy are discussed elsewhere [9] 
and thus are not repeated here. For numerical purposes, 
the system boundaries were established beyond the 
vicinity of the electrode wells so that mass transfer 
across the boundaries was assumed to be zero. The 
model equations were solved in rectangular coordinates 
by means of a finite-element algorithm, and the results 
were analyzed within the framework of the Tecplot 
visualization software [22]. 

3.  EXPERIMENTAL WORK

The goal of the experimental program was to provide 
data to validate the mathematical model described 
above. Figure 2 shows a schematic representation of 
the experimental set up used in this study. A circular, 
0.4 m diameter, 0.35 m-height acrylic cell was used to 
contain a two-dimensional soil field. The cell included 

five graphite electrodes. 

 
Figure 2. Schematic diagram of the two-dimensional soil 

used in this study.

One electrode working as the anode was placed at the 
center of the arrangement, whereas four electrodes 
working as the active 

Table 1. Definition of chemical species and conserved quantities

Chemical species
Symbol 

for species 
concentration 

Mobility* 
mol m/(N⋅s) 

Effective 
diffusivity† 

m2/s
Conserved quantity Symbol

H+ C1
3.7x10-12 9.3x10-9 Solution net electrical 

charge T0

OH- C2
2.1x10-12 5.3x10-9 Na+ T1

Na+ C3
5.4x10-13 1.3x10-9 NO3

- T2

NO3
- C4

7.7x10-13 1.9x10-9 SO4
-2 T3

SO4
-2 C5

4.3x10-13 10-9 Total Cu T4

HSO4
- C6

5.5x10-12 1.3x10-8

Cu+2 C7
3.0x10-13 7.5x10-10

CuOH+ C8
3.3x10-12 8.3x10-9

Cu2(OH)2
+2 C9

1.7x10-12 4.1x10-9

HCuO2
- C10

4.9x10-12 1.2x10-8

CuO2
-2 C11

2.9x10-13 7.1x10-10

Cu(OH)2(s) C12
0 0

Cu(OH)2(aq) C13
3.7x10-12 9.3x10-9

*Computed by the method of Vanýsek [19]

†Computed from [20]:
 τψ /0

ii DD =
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Table 2. Chemical reactions and equilibrium constants computed from the HSC software [21]

Reaction number j Chemical reaction Equilibrium constant jK

1 10-14

2 1.2x10-8

3 3.9x10-11

4 2.7x10-28

5 1.6x10-19

6 4x10-42

7 10-10

8 9.7x10-13

cathodes were placed at the border of the cell at right 
angles with respect to the center anode. The electrode wells 
consisted of five PVC cylindrical shells cut in half and 
glued to the inside of the acrylic cell. The half shells were 
perforated on their curved side to allow for the aqueous 
solution from the surrounding soil to flow inside the wells. 
The soil used in the experiments was from   the copper 
mine at the city of Cananea, Mexico. This soil was free of 
copper contamination, it was previously sieved to eliminate 
particles larger than 0.635 cm (1/4 inch), and stored in 
plastic bags. Table 3 summarizes the properties of the soil 
after sieving [11]. According to the criteria established by 
the Unified Soil Classification System, this is a sandy clay 
soil. The unit dry weight of the soil was found to be 14.5 N/
m3, with a porosity of 44.8%. The chemical composition of 
the soil was determined by atomic absorption spectroscopy 
(AAS). From this analysis,  the following amounts in weight 
percent were determined [11]: 54.7% SiO2, 3.2% Fe2O3, 
2.6% CaO, 2.2% K2O, 1.47% MgO, and 0.15% Mn2O3. 
The soil also contained Zn (122 mg/kg), elemental Cu (60 
mg/kg) and Pb (35 mg/kg). The native copper present in the 
soil did not come from a contaminant source. Preliminary 
experiments with water showed that the copper initially 
present in the soil was motionless under the presence of 
the electric field. Because the native copper is not intended 
to be removed by electroremediation, this was a good 
experimental result.  In a typical electrokinetic experiment, 
2 kg of sieved soil was placed inside the acrylic cell and 

distributed uniformly by a systematic shaking procedure. 
The soil was artificially contaminated by flooding it with  
an aqueous solution of copper sulfate. The solution was 
prepared so that a pre specified copper concentration was 
obtained (100 and 600 mg/L). The solution was poured onto 
the soil bed until saturation, and the system was left at rest 
for two days covered with a plastic cover. A direct-current 
power source was used to generate the electric field. For a 
given initial concentration of copper in the soil, replicated 
experiments were carried out for 24, 48 and 72 hours. Before 
and after the experiments, 2 mL samples of the aqueous 
solution were collected with a plastic syringe at the sample 
locations shown in Figure 2. The samples were analyzed 
to determine the pH by a potentiometer, and the copper 
concentration by AAS. The sample locations were placed 
every 4 cm along two radial directions as shown in Figure 2. 
The first radial direction connected the surface of the central 
anode to the surface of the cathodes in the periphery (line 
AC), and is referred to as the anode-to-cathode distance. 
The second direction followed a path   forming a 45-degree 
angle with respect to line AC, and will be referred to as 
anode-to-border distance (line AB). Five equally-spaced 
sampling locations along lines AC and AB were established. 
For line AC, sample locations 1 and 5 were placed at the 
surfaces of the anode and cathode, respectively. For line AB, 
sample location 1 was 2 cm away from the anode surface, 
whereas sample location 5 was set to match the surface of 
the acrylic cell border.



Rubio-Nieblas et al / Dyna, year 81, no. 183, pp. 199-207, February, 2014.204

4.  DISCUSSION OF RESULTS

Table 4 shows the experimental conditions and model 
parameters used for the validation runs. Figure 3 shows 
the predicted and experimental values of total copper 
concentration T4 along lines AC (left plots)  and AB (right 
plots) as functions of time and initial copper concentration 
in the soil (lower and upper plots). For a given initial 
concentration of copper, a comparison of left and right 
plots shows that copper species traveled faster along the 
AC direction than the AB direction, as the experimental 
values in the vicinity of the cathode (left plots) are higher 
than their respective values in the vicinity of the cell 
border (right plots). This was an expected result because 
the intensity of the electric field reaches its maximum 
along line AC, which in turn causes the metallic ions to 
move at the fastest rate. Similarly, for a given AC or AB 
direction, a comparison of lower and upper plots indicates 

that the higher the initial content of copper in the soil, 
the slower the motion of  the copper species. As a result, 
more copper was left behind when 600 mg/L was used 
(upper plots) as compared to the experiments conducted 
with 100 mg/L of initial copper (lower plots). A general 
trend observed in Figure 3 consists of a sudden change in 
the experimental values of copper concentration within a 
few centimeters across the soil. This change was up to two 
orders of magnitude for samples collected 4 cm apart. In 
this paper, the location at which this phenomenon occurs 
is referred to as the reaction front. Along line AC, the 
reaction front is observed in the proximity of the cathode 
surface, whereas for line AB it occurred within 4 cm of 
the cell border. During the experiments, the reaction front 
was observed to move outwards as time progressed. The 
motion of the reaction front involves the formation of 
an isoelectric zone and is explained later in this paper. 

Table 3. Properties of the Cananea soil [11].
Property Value ASTM Method

Gravel content, wt. % 10 D422-63
Sand content, wt. % 48 D422-63
Fines content, wt. % 42 D422-63
Liquid limit, % 31 D422
Plastic limit, % 16 D422
Specific gravity, dimensionless 2.62 D854
Maximum unit dry weight, N/m3 18.2 D698
Optimum moisture content, wt % 22 D4643
Hydraulic conductivity coefficient, m/s 8.77x 10-8 D2434
pH 7.7 D4972

Table 4. Experimental conditions and model parameters for the validation runs
Parameter Value

Cell diameter, m 0.45
Anode-to-cathode distance, m 0.2
Electrode diameter, m 0.0381
Anode-to-cathode potential difference φ, V 20
Soil porosity  ψ 0.45
Soil tortuosity  τ 1.1

Hydraulic permeability hκ′ , m2 10-15

Zeta potential ζ, V -1.54x10-2

Electrical permittivity ε, F/m 7x10-10

Solution viscosity µ, Pa•s 10-3

Effective hydraulic permeability hκ , m2• V-1s-1 2.4 x 10-9

Soil electrical conductivity σs, S/m 0.02875
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Figure 3. Experimental and predicted values of copper concentration T4 along lines AC (left) and AB (right) in Figure 2. 

Initial copper concentration: 100 mg/L (lower plots), and 600 mg/L (upper plots).

 
Figure 4. Experimental and predicted values of pH along lines AC (left) and AB (right) in Figure 2. Initial copper 

concentration: 100 mg/L (lower plots), and 600 mg/L (upper plots).
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As far as the mathematical model is concerned, the 
presence of an abrupt reaction front makes the prediction 
of the system characteristics difficult. Figure 3 shows 
that the concentration profiles computed by the model 
along line AC (left plots) are smooth compared to the 
experimental profiles. Also, the rate of transport of the 
copper species within the time frame of zero to 48 h 
was underpredicted. For 72 hours, the computed values 
agreed well with the experimental data. Along line AB 
(right plots), the calculated values showed a reasonable 
agreement with the experimental data, with the exception 
of the experiment conducted with 600 mg/L of initial 
copper, in which case the model overpredicted the rate 
of copper motion. Despite the complex behavior of the 
experimental system, the present model was capable of 
predicting the general trends observed in the experiments. 
Overall, the model predictions in the proximities of the 
central anode agreed well with the experimental data in 
all cases studied. The copper concentration in this region 
was typically less than 50 mg/L, whereas near the cathodes 
and the cell boundaries it increased by up to three orders 
of magnitude.

A relevant feature of the present formulation is its 
capability to predict the concentration peaks of copper 
within the soil, as shown in Figure 3. The peak in copper 
concentration occurs simultaneously with a sudden change 
in pH across the reaction front. This behavior was also 
observed experimentally.

Figure 4 shows the predicted and the experimental values 
of pH for all cases studied. The trends are similar to 
those observed for copper concentration. Overall, the 
calculated values agreed well with the experimental values 
in the vicinity of the anode, whereas the prediction of 
the reaction front was less accurate. The behavior of the 
reaction front can be explained as follows. The electrolysis 
reactions cause significant changes in pH in the vicinity 
of the electrodes. At the reaction front, the Cu+2 ions react 
with OH- ions to form Cu(OH)2 according to reaction 6. 
Because Cu(OH)2 is a neutral molecule, both the solution 
and the soil in this area increase their electrical resistance. 
As a result, an isoelectric region appears, and the transport 
of all the ionic species in this area is hindered.

5.  CONCLUDING REMARKS

The two-dimensional mathematical model developed 
by Jacobs and Probstein [9] was adapted to represent 

the electrokinetic remediation of an artificially copper-
contaminated soil from the city of Cananea, Mexico. 
The model predictions showed reasonable agreement 
with experimental data collected in a laboratory cell in 
terms of copper concentration and pH. For the circular 
arrangement, the model predicted the formation of an 
isoelectric region which moves from the central anode 
towards the cathodes in the periphery. This region is 
characterized by the presence of high gradients of both 
copper concentration and pH.

An overall evaluation of the present formulation 
indicates that the phenomena occurring during 
the electrokinetic remediation of a natural soil are 
complex, and require further investigation from both 
experimental and theoretical perspectives. Despite 
these difficulties, the present formulation was capable 
of representing the main features of the process in a 
two-dimensional soil. It also clarified the potential 
of the electrokinetic remediation to treat a copper-
contaminated soil. Investigation on both experimental 
and theoretical aspects of this process is currently in 
progress in this laboratory, and will be the subject of 
a future publication.

6.  NOMENCLATURE

Symbol Description
Ci Concentration of species i, mol•m-3

Di Effective diffusivity of species i, m2•s-1

0
iD

Diffusivity of species i at infinite dilution, 
m2•s-1

k kth conserved quantity
Kj Equilibrium constant for the jth chemical 

reaction, various units
M Number of chemical reactions
N Number of chemical species
Ni Net flux of species i, mol•m-2•s-1

Ri Generation rate of species i due to 
homogeneous chemical reactions, 
mol•m-3•s-1

t Time, s
Tk Concentration of conserved quantity k, 

mol•m-3

T0 Net electrical charge of the aqueous 
solution, C

ikα
Contribution of species i to conserved 
quantity k
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ε Solution electrical permittivity, F•m-1

ζ Soil zeta potential, V
τ Soil tortuosity, dimensionless

hκ′
Soil hydraulic permeability, m2

hκ
Soil effective hydraulic permeability, m2

µ Solution viscosity, Pa•s
ϕ Electrical potential, V
ψ Soil porosity, dimensionless

Sσ
Soil electrical conductivity, Ω-1•m

∇ Nabla operator, m-1
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ABSTRACT: The computer model described in the first paper of this series was used to perform a sensitivity analysis for the electrokinetic 
remediation of a triangular, copper-contaminated soil field in which one anode and two cathodes are placed in the vicinity of the triangle 
vertices. The input variables included the initial concentration of copper in the soil, the electrical potential applied between electrodes, and 
the absence or presence of wash water. The output variables included the cleanup efficiency and the fraction of copper eliminated from the 
soil . Overall, the larger the electrical potential applied between electrodes, the shorter the time to achieve steady state.  When no wash 
water is used, the cleanup efficiency may fluctuate over time before reaching steady state. When wash water is used, the final  obtained 
depends on the initial concentration of copper in the soil.

Key words: Two-dimensional, mathematical model, electrokinetics, sensitivity analysis

RESUMEN: El modelo computacional descrito en el primer artículo de esta serie se usó para realizar un análisis de sensibilidad del proceso 
de eliminación electrocinética de un campo de suelo triangular  contaminado con cobre, en el cual se colocan un ánodo y dos cátodos en 
la proximidad de los vértices del triángulo. Las variables de entrada incluyeron la concentración inicial de cobre en el suelo, el potencial 
eléctrico aplicado entre los electrodos, y la ausencia o presencia de agua de lavado. Las variables de salida incluyeron la eficiencia de limpieza 
y la fracción de cobre eliminado del suelo . En general, a mayor potencial eléctrico aplicado entre los electrodos, menor el tiempo 
requerido para alcanzar el estado estacionario. Cuando no se usa agua de lavado, la eficiencia de limpieza puede fluctuar en el tiempo antes de 
alcanzar el estado estacionario. Cuando se usa agua de lavado, el valor final de depende de la concentración inicial de cobre en el suelo.

Palabras clave: Dos dimensiones, modelo matemático, electrocinética, análisis de sensibilidad

1.  INTRODUCTION

Heavy metals in soils are important nutrients for plants 
in low concentrations, but at high concentrations they 
become toxic [1]. The contamination of soils by heavy 
metals is nowadays a major concern worldwide. In 
Part I of this series, a two-dimensional computational 

model for the electrokinetic remediation of a copper-
contaminated soil was presented. The model is an 
adaptation of the original code developed by Jacobs 
and Probstein [2], and incorporates electromigration, 
electroosmosis, ordinary diffusion, and convection 
transport mechanisms. Based on a previous study 
reported by Fuerstenau and Palmer [3] on the 
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distribution of copper species in aqueous solution, 
the chemical system was represented by 13 chemical 
species which participate in 8 chemical reactions. 
The computer model was validated by comparing 
their predictions with experimental data collected in a 
laboratory-scale system containing a soil collected at 
the city of Cananea, Mexico. A reasonable agreement 
between the predicted and the experimental values was 
obtained in terms of the spatial distributions of pH and 
copper concentration when the initial copper content in 
the soil was 100 and 600 mg/L . Once the computational 
model was verified, it can be used to analyze the main 
features of the electrokinetic remediation process. 
The potential applications of a two-dimensional 
formulation were pointed out by Jacobs [4], who 
conducted a computational study in which a number of 
electrode configurations was tested. Jacobs [4] found 
that electrode arrangements in which the anodes are 
surrounded by a number of cathodes provide greater 
efficiencies than those in which the cathodes are 
surrounded by the anodes. The simplest configuration 
obeying this criterion is a triangular arrangement in 
which one anode and two cathodes are placed in the 
vicinity of the triangle vertices. In a recent experimental 
study at laboratory scale, Almeira et al. [5] found that 
a triangular arrangement consisting of one anode and 
two cathodes forming three 60° angles between the 
lines connecting the electrodes was the most efficient in 
terms of both copper elimination and energy efficiency. 
Such experimental results [5] and further observations 
by Almeira et al. [6] and Peng et al. [7] experimentally 
confirmed the validity of the model predictions reported 
by Jacobs [4]. Based on the previous results shown 
in Part I of this series and the analysis of the relevant 
literature [4-7], the goal of this investigation was to 
test the effects of the main operating variables on the 
overall performance of the electrokinetic remediation 
for a large, triangular, two-dimensional soil field. For 
that purpose, a number of computer simulations were 
conducted with the mathematical model described in 
Part I of this series, as described below. 

2.  SIMULATION STRATEGY

Figure 1 shows the system under study. An equilateral 
triangular soil field was assumed in which one anode 
and two cathodes are placed in the vicinity of the 
triangle vertices. The test variables included the initial 
concentration of copper in the soil pores (100 and 

600 mg/L) and the electrical potential applied to the 
electrodes (500 and 1000 V). 

The specification of the latter values was based on the 
criteria reported in the literature [4], which suggests the 
application of 1 V per centimeter of separation between 
electrodes. Table 1 shows the numerical parameters 
used for the simulation runs, in which the properties 
of the Cananea soil reported in Part I of this series 
were assumed. 

Figure 1. Equilateral triangular soil field for the 
simulation runs

For every combination of the input variables, computer 
simulations were done for the two alternative cases in 
which pure wash water is either injected or not injected 
through the anode well. Because the mechanisms 
governing the motion of the chemical species in the 
soil are the same with and without water injection, 
the mathematical formulation can be used to predict 
the performance of the system under both types of 
operation strategies.  For each case, a corresponding 
indicator of the process yield was defined as follows. 
In the simplest case, no wash water enters the soil, and 
thus the copper species are retained within the soil. 
At sufficiently long times, the copper is expected to 
concentrate within a localized area in the vicinity of 
the cathodes. 
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Table 1. Numerical parameters for the simulation runs
Parameter Value

Electrode well diameter, m 1 
Anode-to-cathode distance, m 10
Anode-to-cathode potential difference φ, V 500, 1000
Soil porosity ψ 0.45
Soil tortuosity τ 1.1

Hydraulic permeability hκ′ , m2
10-15 

Zeta potential  ζ, V -1.54 x 10-2 

Electrical permittivity ε, F/m 7x10-10

Solution viscosity µ, Pa•s 10-3

Effective hydraulic permeability hκ , m2• V-1s-1
2.4 x 10-9 

Soil electrical conductivity σs, S/m 0.02875
Anode-to-cathode pressure difference (wash water only) 105 Pa

This soil will eventually be collected for further 
treatment or disposal. A feasible response variable 
for this case is the fraction of the total area in the 
arrangement which has been cleaned up to a given time 
t. In this study, this quantity is referred to as cleanup 
efficiency (CE); thus

		  (1)

In this definition, the 50 mg/L limit appearing in the 
numerator was established based on local regulations. 
Although Equation 1 suggests that the CE may take on 
values in the range of zero to unity, in practical terms 
it may not reach the value of unity. This is because 
copper does not leave the system when no wash water 
is used. The calculation of the numerator in Equation 1 
was accomplished within the framework of the Tecplot 
visualization software [8]. The procedure involves the 
calculation of the two-dimensional contours of copper 
concentration from the local concentration values within 
the computational domain, followed by the numerical 
calculation of the areas enclosed by those contours 
which comply the criterion shown in Equation 1.

An alternative way of operation consists of injecting 
pure wash water through the anode to maintain a 
continuous flow of the aqueous solution throughout 
the soil. This flow gradually takes the copper out 

of the system through the cathode wells. From a 
computational point of view, this mode of operation 
was simulated by setting a pressure difference between 
electrodes, as shown in Table I. In this case, an indicator 
of the process efficiency is the fraction of the initial 
copper in the soil which has been eliminated from the 
soil up to a given time t. This quantity is represented by 
the symbol  and was computed from the following 
expression:

				    (2)

in which the numerator accounts for the amount of 
copper that left the soil through the cathode wells up 
to time t, and the denominator is the initial amount of 
copper in the soil field.

3.  DISCUSSION OF RESULTS

Figure 2 shows the predicted values of the CE in 
the absence of wash water in the triangular soil 
field. For all cases considered, the maximum CE 
values were predicted to be 0.55 and 0.59 when the 
electrical potential difference was set to 500 and 1000 
V, respectively. Overall, the effect of the electrical 
potential difference is mostly on the process kinetics. 
The larger the electrical potential difference, the 
faster the initial response of the CE, and thus the 
shorter the time to achieve steady state. This behavior 
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may be explained in terms of the electroosmosis and 
electromigration transport mechanisms, which are both 
dependent upon the electrical potential gradient φ∇  
according to the following expressions [2]

					     (3)

and

				    (4)

where  and  are the electroosmotic and 
electromigration velocities, respectively, and other 
symbols are defined in the nomenclature. It is noted 
that  represents the velocity of the aqueous solution 
adjacent to the pore walls; thus, it affects all species 
in solution at a given location. On the other hand, the 
electromigration velocity  is only attributed to those 
chemical species in solution carrying an electrical 
charge iz

 
Figure 2. Predicted time evolution of the cleanup efficiency (CE) in the triangular soil field in the absence of wash water injection

iz . From a macroscopic standpoint, any change in the 
electrical potential difference between the electrodes 
will affect the local electrical potential gradient φ∇ , 
and thus the kinetics of the overall process described 
by Equations (3) and (4). On the other hand, it is of 
interest to note the values of CE at long times, i.e., once 
steady state was achieved. Such CE values increased 
as the initial concentration of copper in the soil also 
increased. Therefore, as far as the cleanup efficiency 
is concerned, highly contaminated soils are expected 
to be cleaned up more efficiently than moderately 
contaminated soils. A complementary response variable 
is the time to reach steady state conditions. This 
quantity was defined as the time at which the cleanup 
efficiency CE varied by less than 0.01 percent from 

one time step to the next. In this study, this quantity is 
represented by the symbol: ∞t . Figure 2 shows that ∞t  
was in the range of 90-100 days when the initial 
copper content was 100 mg/L, whereas it was longer 
than 200 days when the initial copper content was 600 
mg/L. 

The initial copper concentration in the soil also affected 
the kinetics of the CE. Thus, when it was set to 100 
mg/L, the CE increased with time up to an asymptotic 
value which depended upon the electrical potential 
difference applied to the soil. In contrast, when the 
initial copper concentration was set to 600 mg/L, the 
CE values showed significant fluctuations with time 
before reaching steady state conditions. 
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Computer visualizations of the concentration field 
in this time period provided an explanation for this 
behavior. A simplified diagram of such calculations is 
shown in Figure 3, which shows that the local values 
of pH are strongly related to the distribution of the 
chemical species throughout the soil. At t=24 days 
(Figure 3a) the H+ ions produced at the anode moved 
to the cathodes, thus creating an acid zone. 

At the same time, the OH- ions produced at the surface of 
the cathodes moved toward the anode, thus forming a basic 
zone. The locations at which both species meet in the soil is 
characterized by a sudden change in pH values as a result 
of the neutralization reaction: . The 
locations at which this reaction occurs is referred to in this 
paper as the reaction front, and depends upon the mobilities 
of both H+ and OH- ions [2], as well as the concentrations of 
the anionic and cationic copper species in solution. 

 
Figure 3. Predicted time evolution of the reaction front in the triangular soil field in the absence of wash water injection; (a) 

24 days, (b) 48 days, (c) 72 days

At these locations, both solid and aqueous Cu(OH)2 
are formed. Because aqueous Cu(OH)2 carries no 
electrical charge, it causes the electrical conductivity 
of the aqueous phase to decrease substantially, thus 
forming an isoelectric zone. The coexistence of both 
solid and aqueous Cu(OH)2 occurs in the range of: 

, whereas in the range of  
only the aqueous form is present [9]. As the acid 
front advanced at t=48 days (Figure 3b), the reaction 
front and the isoelectric zone became narrow. This is 
because the H+ ions are continuously produced at the 
anode surface and react to form other cations such as 
Cu(OH)2

+ and Cu(OH)2
+2, which also moved toward the 

cathodes. On the surface of the cathodes, the OH- ions 
are also formed and react to produce other anions such 
as HCuO2

- and CuO2
- which move toward the anode. 

This process repeats over time (t=72 days, Figure 3c) 
until steady state is achieved. The fluctuating motion 
of the copper ions throughout the soil thus explains the 
fluctuating behavior of CE in Figure 2. 

It is noted that the present formulation assumes that the 
transport of the chemical species occurs in the aqueous 
phase only, i.e., the solid phase is assumed to be 
motionless. It is also assumed that the soil is isotropic 
and its properties do not vary with time. Therefore, 
any change in the rate of transport of the chemical 
species may be attributed to changes occurring in the 
aqueous phase only. The incorporation of anisotropies, 
time-dependent soil properties, and other phenomena 
such as electrophoresis was beyond the scope of this 
investigation.
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The results shown in Figure 3 qualitatively agree 
with the experimental observations by Almeira et 
al. [5,6] and Peng et al. [7] regarding the formation 
of three distinctive areas within the soil; namely, 
and acid region, a basic region, and a narrow area 
with low electrical conductivity. Overall, the results 
shown in Figures 2 and 3 indicate that the behavior 
of this type of a system in the absence of wash water 
injection is complex, and cannot be generalized. 
Detailed simulations for specific field dimensions, 
soil characteristics, and operating conditions must 
be done in order to analyze the process performance 
prior to its optimization.

Figure 4 shows the predicted behavior of the fraction 
of copper eliminated  computed from Equation 
(2) when pure wash water was used. Under the test 
conditions, the maximum values of  were predicted 
to be in the range of 0.8-0.95. At long times, all the 
curves approach an asymptotic value of which is 
dependent upon the initial concentration of copper in 
the soil, and is independent of the electrical potential 
difference applied to the electrodes. The asymptotic 
values of  at sufficiently long times decreased as 
the initial copper concentration increased. Therefore, in 
terms of the fraction of copper eliminated from the soil 

, the more dilute the copper in the original soil, the 
more efficient the electrokinetic remediation process.

 
Figure 4. Predicted time evolution of the fraction of copper eliminated in the triangular soil field in the presence of wash 

water injection

This behavior contrasts with that observed for the 
cleanup efficiency in the absence of wash water 
injection shown in Figure 2. The time to reach steady 
state conditions throughout the soil was defined as 
the time at which the  value varied less than 0.01 
percent from one time step to the next. Figure 4 shows 
that this quantity is strongly dependent upon the 
electrical potential difference applied to the electrodes. 
Thus, the higher the electrical potential, the shorter the 
time to reach steady state conditions and vice versa. 
As was discussed previously, this is attributed to the 
electroosmotic and electromigration velocities, which 
are dependent upon the electrical potential gradient 
according to Equations 2 and 3, respectively. The 
behavior of the system under the presence of wash water 

injection shows a simpler behavior than that observed 
when no wash water is injected to the soil.  However, 
further studies are necessary to clarify whether the 
trends observed in this study for a triangular soil field 
can be generalized to other electrode arrangements.

4.  CONCLUDING REMARKS

The computer simulation of the electrokinetic 
remediation of a copper-contaminated soil field with 
a triangular arrangement of electrodes was performed. 
The results indicated that the electrical potential 
difference applied between electrodes mostly affects 
the process kinetics due to the electroosmotic and 
electromigration velocities.
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Also, the initial copper content in the soil determines the 
final process efficiency. When no wash water is injected to 
the soil, the final cleanup efficiency increased as the initial 
content of copper in the soil was increased, and it may 
fluctuate over time before reaching steady state conditions. 
Such fluctuations may be explained in terms of the chemical 
reactions occurring at both sides of the acid front moving 
throughout the soil during the operation. 

On the other hand, when wash water is injected, 
the final fraction of copper eliminated from the soil 
depends upon the initial concentration of copper in the 
soil only. The results obtained in this study illustrate the 
potential use of the present formulation for the further 
optimization of this process.

NOMENCLATURE

Symbol Description
CE Cleanup efficiency, dimensionless
Cwj Concentration of copper at jth well, 

mol•m-3

CCu,0 Initial copper concentration in soil, 
mol•m-3

Fraction of the initial copper eliminated 
from soil, dimensionless.

Qwj Volumetric flow rate of solution at jth 
well, m3• s-1

t Time, s

∞t
Time to achieve steady state, s

Electromigration velocity of species i, 
m• s-1

Electroosmotic velocity of solution, m• s-1

V Total volume of solution in soil, m3

Charge number of species i, dimensionless

ε Solution electrical permittivity, F•m-1

ζ Soil zeta potential, V
τ Soil tortuosity, dimensionless

iυ
Mobility of species i, 

hκ′
Soil hydraulic permeability, m2

hκ
Soil effective hydraulic permeability, m2

µ Solution viscosity, Pa•s
ϕ Electrical potential, V
ψ Soil porosity, dimensionless

Sσ Soil electrical conductivity, Ω-1•m

∇ Nabla operator, m-1
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ABSTRACT: This paper presents results of stress cracking tests performed in high density polyethylene (HDPE) geomembranes (GM). 
Stress cracking tests were performed in accordance to ASTM D5397: Notched Constant Tensile Load Test (NCTL) and Single Point-
Notched Constant Tensile Load Test (SP-NCTL). Tests were conducted to the fresh sample at 50ºC (standard test) and at 70ºC (accelerated 
condition) in order to compare the SC values. Results from accelerated tests (NCTL) showed, for instance, a total economy of 390 hours 
(comparing load stages of 25% yield stress) to perform the tests.

Key words: HDPE geomembranes, stress cracking, accelerated tests.

RESUMEN: Este trabajo presenta resultados de fisuración bajo tensión realizados con geomembranas (GM) de polietileno 
de alta densidad (HDPE). Las pruebas de tensión fueron realizados de acuerdo a la norma ASTM D5397: Notched Constant 
Tensile Load Test (NCTL) and Single Point-Notched Constant Tensile Load Test (SP-NCTL). Estos ensayos fueron realizados 
en muestras de control a 50 º C (ensayo padrón) y a 70 º C (condición acelerada) para comparar valores de fisuración bajo 
tensión. Los resultados de estos ensayos acelerados (NCTL) mostraron una economía total de 390 h (comparando etapas de 
carga de 25% de la tensión de ruptura) para los ensayos realizados.

Palabras clave: Geomembranas de polietileno de alta densidad, fisuración bajo tensión, pruebas aceleradas.

1.  INTRODUCTION

Stress cracking (SC) is an external or internal cracking 
in plastic induced by tensile stress less than its short-
term mechanical strength [1]. Stress cracking occurs 
in a brittle manner with little or no elongation near to 
the crack surface [2].

Halse et al. [3] and Peggs and Carlson [4] claim that 
failure due to stress cracking is associated with defects 
or imperfections that cause the stresses to be enhanced 
to higher values with up to a 6-fold magnification of 
tensile stress (relative to the average global stress) 
depending on the geometry of the defect. The defects 
may be of various types and shapes and generally 
include surface scratches, grinding gouges, patches, and 
seams. In addition, the presence of an external chemical 
environment such as detergents, surfactants, leachate, 

polar vapor, or liquid, may accelerate stress cracking. 
Stress cracking in the presence of chemicals is called 
“environmental stress cracking” [5, 6].

Polymers used in the fabrication of geosynthetics, such 
as polyethylene (PE), polyester (PET), unplasticized 
and plasticized poly vinyl chloride (PVC), are subjected 
to environmental stress cracking [7]. Among polyolefin 
polymers, polypropylene (PP) is less sensitive to SC 
than PE when it is associated with a very aggressive 
chemical environmental. The deformation limit that 
activates the phenomenon in PP is not yet well-known. 
The other polymer properties that affect susceptibility 
to stress cracking include the molecular weight and the 
co-monomer content [8, 9]. 

Higher molecular weight corresponds to longer chains 
[10], resulting in more tie molecules and more effective 
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tie molecule entanglements [11]. Similarly, high co-
monomer content and longer co-monomer short-chain 
branches provide better cracking resistance, most likely 
because portions of the long-branch chains cannot be 
folded into the lamellae and therefore contribute to the 
amorphous tie molecules [11, 12].

High density polyethylene (HDPE) is a widely used 
polymer for manufacturing geomembranes used in 
liquid and waste containment facilities and/or used 
as a part of liner systems in modern landfills [13]. 
The primary function of GM is to provide a barrier 
to advective and diffusive migration of contaminants 
[14]. The relatively high crystallinity (40 to 50%) of 
the material provides both high chemical resistance 
and low diffusion rates, which are required in most 
containment facilities [6, 15]. However, despite its 
good chemical resistance, one of the concerns raised 
in using HDPE geomembranes is their susceptibility to 
stress cracking (SC) which, in turn, is a consequence 
of their high crystallinity [2, 16, 6, 13, 15].

The evaluation of stress cracking is performed according 
to ASTM D5397 [17]. The test is called Notched Constant 
Tensile Load (NCTL) and uses notched dumbbell shaped 
specimens placed under various tensile stresses. The 
tensioned specimens (usually 20) are immersed in a bath 
containing 10% Igepal / 90% water solution at 50ºC to 
accelerate the crack growth. A notch is introduced at the 
central constant-width section on the face of the specimen. 
The depth of the notch is such that the ligament thickness 
is equal to 80% of the nominal sheet thickness. The applied 
stresses typically range from 20% to 50% of the room 
temperature yield stress (σyield) in increments of 5%. Three 
replicate specimens are tested at each stress level, and the 
failure time of each individual specimen is recorded to an 
accuracy of 0.1 hour. When a specimen fails, its failure 
time is recorded by a timer. The test data is presented by 
plotting the applied stress versus average failure time on a 
log-log scale. Unfortunately, the full test takes a long time 
to complete (generally over 10,000 hours). Thus, the Single 
Point Notched Constant Tensile Load (SP-NCTL) test was 
developed and is included in ASTM D5397 [17] as an 
appendix (to be used as a quality control or conformance 
test). The concept is to select a stress level near, but slightly 
lower than the transition stress, and to specify the minimum 
failure time at that stress. A single applied stress of 30% 
yield stress is utilized with a minimum failure time in GRI-
GM13 [18] (Specification for HDPE Geomembranes). 

In 2003, the specification was revised by increasing the 
minimum failure time from 200 hours to 300 hours to 
further enhance the SCR of HDPE geomembranes [6, 19].

Rowe and Sangam [12] concluded that stress cracking 
is important because: (a) even short cracks can allow 
excessive leachate through the geomembrane that may 
readily move laterally in areas of poor contact between 
the geomembrane and the underlying clay; and (b) 
short cracks can grow with time eventually allowing 
excessive leakage through the geomembrane even in 
areas of good contact with the clay. In either case, once 
the leakage increases substantially, the geomembrane 
ceases to perform the barrier function for which it was 
designed as discussed by Rowe et al. [20].

Several investigators have reported the vulnerability of 
HDPE geomembranes to stress cracking: Fisher [21], 
Peggs and Carlson [4], Hsuan et al. [2], Hsuan [6], 
Rowe and Sangam [12] and Rowe et al. [15].

The transition from ductile-to-brittle failure requires 
the knowledge of stress level, stress concentration 
factor, temperature and surrounding environment. 
However, the fundamental governing factor is the 
polymer’s characteristics, among which crystallinity 
and molecular weight are the most important. In this 
sense, it is important to evaluate the SCR of an HDPE 
GM to assess its long-term performance. 

As previously mentioning the standard test is performed 
in a bath containing 10% Igepal / 90% water solution 
at 50ºC to accelerate the crack growth. However, the 
effect of higher temperatures are not yet well know. 

This paper presents results of SC tests performed in 
HDPE samples. The tests were conducted at 50ºC 
(standard test) and at 70ºC (accelerated condition) 
in order to verify the effect of the temperature and 
compare the SC values in both conditions. For this 
purpose, equipment was developed to process 20 
specimens simultaneously. This equipment includes 
electronic acquisition of the failure times.

2.  MATERIAL AND METHODS

Smooth HDPE geomembranes of 2.0-mm nominal 
thickness were used. Tests of SC (NCTL and SP-NCTL) 
were conducted at 50ºC and at 70ºC (accelerated 
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condition) to compare the SC values according to 
ASTM D5397 [17]. Additionally, the dispersion of 
carbon black (Fig.1) was evaluated in accordance 
with ASTM D5596 [22] to verify the degradation of 
the material.

Figure 1. Preparation of the dispersion of carbon black 
test (a) cut specimens (b) microscopic evaluation.

2.1.  Developed stress cracking test equipment

The equipment used in the SC tests was developed to 
process 20 specimens simultaneously. This equipment 
includes electronic acquisition of the failure times (Fig. 
2). Force is applied to the specimen by a lever with 
metallic weights in its extremity. This lever applies 
a force equal to three times the load. The incubation 
system allows the mechanical control of temperature.

Figure 2. Test Setup

3.  RESULTS AND DISCUSSION

3.1.  Carbon black dispersion

Carbon black is the most common type of UV protection 
for polymeric products, and it consists of very fine particles 
(the primary particles) fused together to form the primary 
aggregates (Fig. 3). The UV absorbing efficiency of 
carbon black is governed by the average prime particle 
size. Primary aggregates composed of finer prime particles 
present a greater surface area for optical absorption than 
the primary aggregates composed of larger prime particles.

Figure 3. Schematic drawing of carbon black particles [23]
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Thus, UV absorption increases as prime particle size 
decreases. However, with prime particles below 20 
nm, the UV stabilizing efficiency tends to level off as 
light scattering becomes more significant with a further 
decrease in particle size. The carbon black particle 
size used for the UV protection of polymers used for 
geosynthetics is typically in the range of 22–25 nm [24, 
23, 19]. The results obtained show that all specimens 
belong to the category I, which contains carbon black 
particles of circular geometries with diameters less than 

or equal to 35 µm. In this research, the results of carbon 
black tests were not efficient in detecting degradation 
in the samples.

3.2.  Accelerated NCTL and SP-NCTL tests

Fig. 4 presents the NCTL curves and the failure times 
of the SP-NCTL tests. Table 1 and 2 presents the 
parameters of the NCTL tests and the SP-NCTL results 
concerning the samples at 50ºC and 70ºC, respectively.

 
Figure 4. Results of NCTL tests at 50ºC and 70ºC and failure times (SP-NCTL)

Table 1.  Parameters of the NCTL tests
Sample Ductile Slope (%/h) Brittle Slope (%/h) Tt (h) σt (%)

HDPE (50ºC) -0.038 -0.23 143 35
HDPE (70ºC) -0.045 -0.20 18 40

Tt = Transition time; σt = stress transition

Table 2.  Average failure times (Tf) of the SP-NCTL tests
Sample Tf (h) CV (%) Variation (%)

HDPE (50ºC) 243 38 -
HDPE (70ºC) 101 6 58 (decrease)

CV = coefficient of variation

The accelerated test (70ºC) presented a bi-linear curve 
(different than the test at 50ºC). The highest loading 
stages at 70ºC presented 6 stages of loading in the 
ductile region and only 4 stages of loading at 50ºC. The 
slope of the straight ductile accelerated test showed a 
slight increase when compared to the sample at 50ºC.

The transition time (Tt) obtained in the accelerated 
test presented an 87% decrease when compared to 
the test at 50ºC and had a higher stress transition (σt). 
The brittle region of the curve for the accelerated test 
presented 5 stages of loading and 4 stages for the test 
at 50ºC. The slope of the accelerated tests decreased 
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when compared to the tests at 50ºC due mainly to the 
loading stage of 32.5% σyield.

Accelerated test results have shown time savings when 
tests with high temperature are used: a total economy 
of 390 h, comparing load stages of 25% σyield. However, 
the behavior of the sample under high temperature was 
completely different when it was compared to the test 
at 50°C (the type of curve and in the stress transition, 
σt, obtained).

The increase in the incubation temperature (70ºC) 
decreased the average failure times by 58%. Accelerated 
test results provided more homogeneous results , 
resulting in lower coefficients of variation as well.

Regarding the accelerated tests, the average time to 
failure (SP-NCTL) was close to the failure time of the 
NCTL (30%).

The results show that the sample maintains the same 
trend verified in the NCTL tests. There was a total 
economy of 265 h compared to the standard test (50°C).

4.  CONCLUSION

From the data presented in this paper the following 
conclusions can be drawn:

•	 The SC equipment developed to register the failure 
times worked well producing precise failure times;

•	 The carbon black tests were not efficient to detect 
degradation in the GM samples;

•	 Results from accelerated tests (NCTL) showed time 
savings (390 h less compared to a load stage of 25% 
σyield). However, the behavior of the GMs under 
high temperatures was completely different when 
compared to the standard test at 50°C. This fact is 
discussed and evaluated by Hsuan and Koerner [25] 
who say the transition time changes in a systematic 
manner with changes in test temperature. The 
recommended test temperature for performing the 
control NCTL test (and the associated SP-NCTL 
test) will be material dependent and must be decided 
upon accordingly.

•	 Results from accelerated SP-NCTL tests showed a 
total economy of 265 h (compared to the standard 
test at 50°C), and the same trend was verified in 
the NCTL tests. 
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ABSTRACT:  High growth in electricity demand and peaks in the load curve, caused mainly by households, require big investments in 
infrastructure that are used for short periods. Because of this, it is necessary to look for new developments that allow meeting the needs 
of users as well as using the electricity system resources efficiently. This is possible through the Smart Grid (SG), which additionally 
allows users to have autonomy in the electricity supply chain. Our focus of investigation is with households because they can monitor their 
demand and help to reduce the peaks of the load curve. To do this, users must use Smart Meters, because these devices allow consumers 
to obtain the information necessary to control their demand. This paper presents a systematic analysis of published literature related to the 
study of the SG from the demand side, analyses the current situation of this topic and the impact of Smart Meter penetration in households. 

KEYWORDS: Demand side management; households; peak demand; Smart Grid; Smart Meters.

RESUMEN: El alto crecimiento en la demanda de electricidad y los picos en la curva de carga, causados principalmente por hogares, 
hacen necesarias grandes inversiones en infraestructura que solo es usada para periodos cortos. Esto ocasiona la búsqueda de desarrollos 
que permitan suplir las necesidades de los usuarios y usar los recursos del sistema eficientemente. Esto es posible por medio de las 
Redes Eléctricas Inteligentes, las cuales adicionalmente brindan a los usuarios autonomía en la cadena de suministro eléctrico. El foco 
de esta investigación son los hogares, ya que estos pueden monitorear su consumo y ayudar a reducir los picos en la curva de carga, Para 
esto los usuarios deben usar Medidores Inteligentes, los cuales le permiten obtener información necesaria para controlar su demanda. 
Este artículo presenta un análisis sistemático de la literatura publicada relacionada con el estudio de las redes eléctricas inteligentes 
desde el lado de la demanda,  analiza la situación actual sobre este tema y el impacto de los medidores inteligentes en los hogares. 

PALABRAS CLAVE: Gestión de la demanda; hogares; pico de demanda; Redes Eléctricas Inteligentes; Medidores Inteligentes.

1.  INTRODUCTION

Several reasons justify the well-known necessity of 
reducing daily electricity consumption and flattening 
the peaks in the daily power curve with the aim of 
reducing investments and operational costs. First, 
the power grid constantly needs new investments 
because the demand for electricity is growing rapidly, 
and it is necessary to build new generating plants [1] 
and the infrastructure to connect them; moreover, 
installed generating capacity grows at a lower rate than 
electricity consumption, so that it is always necessary to 
make new investments in generation plants and power 
grid infrastructure. Second, inefficiency, maintenance 
and upgrade costs are growing with the size of the grid 

[2]. Third, growing environmental costs caused by new 
investments in generating plants and in the expansion 
of the power grid to connect them; also, it is necessary 
to account for the environmental impact of greenhouse 
emissions caused by generating plants, especially for 
coal-fired plants that are considered to be the major 
sources of pollution [3]. Fourth, the pronounced peaks 
and flattened troughs in the hourly load curve causes 
the inefficient use of generating plants so that it is 
necessary to install additional capacity just to satisfy 
the peaks in the power curve during short time periods 
[4]. Such peaks and low flat regions are illustrated in a 
typical load curve for the Colombian electricity market 
in Figure 1. As a consequence, electricity costs are 
inflated and the technologies in use are less efficient. 
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In addition, newly installed capacity is required only 
for attending the daily peak demand.

Figure 1. Typical Colombian load curve [5]

The Smart Grid (SG) paradigm is a current and very 
important technological trend with a strong impact 
throughout the electricity market affecting it’s future 
development. The Smart Grid (SG) is defined as the full 
integration of automatic meter reading in the current 
power grid, and the associated infrastructure, which is 
conformed by sensors and the proper support software 
[6]. Additionally, there are many new technologies that 
are being developed such as controllable appliances, 
distributed generation, systems to store energy, among 
others [7]. 

In the SG, the behavior of the connected users 
is integrated in an intelligent way in order to use 
electricity in an efficient, sustainable, economic and 
secure manner [8, 10]. Moreover, business processes, 
objectives, and needs are met efficiently [4]. SG 
promotes and improves the efficient use of all available 
resources and provides more information and autonomy 
to the agents in the electricity supply chain [9]. 

By using intelligent devices (provided by SG 
technology), electricity utilities will be able to know the 
consumption, instantaneous condition of distribution 
networks, electricity prices and to control the loads 
with complete control and real-time system status; 
as a consequence, electricity utilities will be able 
to optimize the use of the network, to make better 
decisions, and to control customers consumption [1,11]. 

Users, by using intelligent devices [1], will be able to 
have more information about the system, its status, 
and characteristics [12]; their consumption habits; 

and electricity costs in real time [13,14]. With this 
information, they are able to reduce a part of the 
demand or to shift it to another period when the 
cost of electricity is cheaper [15] with the aim of 
mitigating costs and saving on their bills [16,17,18]. 
This is a financial incentive that encourages changes in 
consumption habits [1]. These changes in consumption 
habits due to economic signals are known as Demand 
Response (DR) [1,19,20].

By promoting investments in SG technology as an 
alternative to installing more generation capacity to 
attend the load curve peaks [21], the regulator enables 
energy price reduction, promoting a more efficient 
and competitive market, and also allows the system 
to support the use of renewable energy resources, 
distributed generation and advanced metering [11].

SG promotes the reduction of the high rates of growth 
in electricity demand and the flattening of the peaks 
in the power curve [18]. This is explained by, first, the 
effects of the electricity utilities decisions in order to 
optimize network use; and second, by the reduction of 
peak height and depth of the valleys in the load curve 
[22]. Several facts support the previous conclusions; 
according to the Electric Power Research Institute 
(EPRI), the use of electricity in the residential sector is 
equivalent to 38% of the total electricity consumption 
in the USA; thus, changes in consumption habits will 
modify the load curve. The feedback to users can result 
in a 9% reduction in household consumption [13,23] 
and a 10–20% reduction during peak demand periods 
[24,25]. In the European Union it has been detected 
that when 80% of the consumers reduce their demand 
in peak hours because of changes in the price, the 
reduction in associated capacity and transmission costs 
would be € 67 billion [26]. 

These facts explain the penetration of smart meters; 
previously Capgemini, forecasted that in 2012, from 
25 to 40% of European households would have smart 
meters [27]. Other improvements derived from the use 
of SG are listed in Table 1.

Despite all the above benefits, SG technology is young 
and new developments are made rapidly so that for the 
researcher and practitioner it is very difficult to obtain 
a complete view of the advances in this area. 
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Table 1. Smart Grid vs. current system [4].
Current System Smart Grid

Electromechanical Digital
One-Way Communication Two-Way Communication
Centralized Generation Distributed Generation
Few Sensors Sensors Throughout
Limited Control Pervasive Control
Manual Restoration Self-Healing
Failures and Blackouts Adaptive and Islanding
Few Customer Choices Many Customer Choices

Due to the importance of this topic, it is necessary 
to identify, organize, and evaluate the published 
manuscripts related to SG technology in order to 
establish: the current state of development, the current 
research lines, the main contributions of smart grid 
technology, the most appropriate research directions 
to be taken, and the most important new contributions 
that could be implemented.

The objective of this paper is to answer the following 
questions by means of an exhaustive literature research 
using the methodology of Systematic Literature Review:

Q1:	 Which have been the most influential articles in 
the area? 

Q2:	 What has been implemented regarding SGs in 
Colombia?

Q3:	 How do SGs affect the electricity demand?

Q4:	 What SG technologies are installed in households?

Q5:	 How have the SG penetrations been modeled?

Q6:	 Why is it important to study consumer behavior?

This paper is organized as follows. A description of 
the research process is described first, followed by 
the systematic review of results. Then the research 
questions are answered.

2.  REVIEW METHODOLOGY

In our research, we employ the methodology of Systematic 
Literature Review (SLR) that is rooted originally in the 
field of evidence-based medicine, and adapted to the 
fields of software engineering by Kitchenham and others 
[28,29] and to energy policy by Sorrell [30]. SLR is a 
scientific research technique characterized by a systematic 
and ordered procedure for searching, identifying and 

organizing written evidence with the aim of answering 
several research questions in an unbiased way.  

3.  RESEARCH PROTOCOL

In this section, our research protocol, based on the 
guidelines proposed in [28-30], is described.

•	 Terms used in the search string: smart grid, 
adoption, demand peak, modeling, smart houses, 
smart devices, technologies for home, Demand Side 
Management (DSM).

•	 Subject areas: engineering, energy, computer science, 
business, management and accounting, decision 
sciences, economics, econometrics and finance.

•	 Source: Scopus.

•	 Search period: available information until December 
of 2012

•	 Inclusion and exclusion criteria: after obtaining the 
search results that meet the criteria defined above, 
a manual filtering process was performed in which 
the articles that meet any of the research questions 
proposed are selected. The criteria used are articles 
that speak about:

•	 Changes in the consumer habits due to Smart 
Meter utilization.

•	 Demand Peaks and approaches to solve them.

•	 Smart Meters penetration and their improvement 
of the electricity system.

•	 Demand Side Management and household 
response.

•	 The Smart Grid in Colombia.

•	 SG technologies implemented in homes.

Other articles related to the topic of study were included 
at the suggestion of experts.

4.  RESULTS

By using the automatic search procedure described in 
the previous section, we obtained 851 articles; next, 
inclusion and exclusion criteria were applied and the 
quantity of selected manuscripts was reduced to 49. 
In addition, eleven new manuscripts were added at the 
suggestion of experts. Finally, we obtained 60 articles.
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By analyzing the selected articles, we found the following 
characteristics of the body of knowledge: First, research 
on smart grid is a young area of rapid development 
and growth. There are no papers before 2008. Figure 2 
presents the number of articles published by year.

Figure 2. Distribution of articles - inclusion and exclusion 
criteria and experts suggestions

Second, we found six papers with more than 50 citations; 
they are presented in Table 2. Note that, all of them are 
related to methodological aspects of the smart grid.  

Three, the most cited article was written by Ipakchi and 
Albuyeh in 2009 [11] and it is focused on explaining 
some of the causes of the high investment being made in 
SG and some possible improvements that are obtained 
with this approach.

Fourth, in Table 3 we present the conference proceedings 
and journals where the 60 selected manuscripts were 
published. The most important journal in the area is 
the IEEE Power and Energy Magazine with seven 
published articles and a total of 672 citations, followed 
by the IEEE Transactions on Smart Grid with 189 
citations and seven published articles.

5.  DISCUSSION

In this Section, we answer the research questions.

5.1.  Q1: Which have been the most influential 
articles in the area?

Table 2 shows the articles with the highest number of 
citations (more than 50), so these have been the ones 
that have influenced research in this area. In Table 3 it 
can be seen the journals in which the selected articles 
are published.

5.2.  Q2: What has been implemented regarding 
Smart Grids in Colombia?

We found only three research papers with the aim 
of studying the Smart Grid in Colombia [3234]. In 
[32], there is an overview of the technologies that are 
sought to implement the SG and a study of publications 
relevant to the development and use of SG technology 
and current research regarding this topic. 

Table 2. Most cited articles.
Author Title Year Research type References Citations

Ipakchi & 
Albuyeh.

Grid of the future. (IEEE Power and Energy 
Magazine) [11]

2009 Methodology 2 275

Farhangi. The path of the smart grid (IEEE Power 
and Energy Magazine) [4]

2010 Methodology 1 206

Vojdani. Smart integration (IEEE Power and Energy 
Magazine)[24]

2008 Methodology 1 80

Rahimi & 
Ipakchi

Demand Response as a Market Resource 
Under the Smart Grid Paradigm. (IEEE 
Transactions on Smart Grid)[19] 

2010 Methodology 3 70

Conejo, Morales 
& Baringo.

Real-time demand response model (IEEE 
Transactions on Smart Grid)[31]

2010 Methodology 26 61

Garrity. Getting Smart. (IEEE Power and Energy 
Magazine)[9]

2008 Methodology 1 58
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Table 3. Journals and conference proceedings where the 
selected papers were published.

Journal or conference Number 
of articles

Citations

IEEE Power and Energy Magazine 7 672
IEEE Transactions on Smart Grid 7 189
Energy Policy 4 41
Applied Energy 3 5
IEEE PES Innovative Smart Grid 
Technologies Conference Europe

3 1

Energy 2 13
IEEE Innovative Technologies for 
an Efficient and Reliable Electricity 
Supply

2 5

Power and Energy Engineering 
Conference, Asia-Pacific, 2010

2 1

The Electricity Journal 2 4
IEEE Transactions on Industrial 
Informatics 

1 46

IEEE Transactions on Industrial 
Electronics

1 22

IEEE Transactions on Consumer 
Electronics

1 17

Annual Conference - Rural Electric 
Power Conference

1 10

IEEE Network 1 8
36th Annual Conference on IEEE 
Industrial Electronics Society, 2010

1 7

3rd European Modelling 
Symposium on Computer 
Modelling and Simulation, 2009

1 7

International Journal of Electrical 
Power and Energy Systems

1 6

Energy and Buildings 1 6
ACM Transactions on Intelligent 
Systems and Technology

1 6

IEEE/IFIP Network Operations 
and Management Symposium 
Workshops, 2010

1 4

International Journal of Energy 
Sector Management

1 4

IEEE Potentials 1 2
ABB Review 1 1
E-Energy 2010 - 1st Conference on 
Energy-Efficient Computing and 
Networking

1 1

Engineering & Technology 1 1
Electric Power Systems Research 1 1

Journal or conference Number 
of articles

Citations

IEEE/PES Transmission and 
Distribution Conference and 
Exposition: Latin America,  2008

1 0

Energy, Utilities & Chemicals 1 0
IEEE PES Innovative Smart Grid 
Technologies Conference  Latin 
America, 2011

1 0

IEEE Innovative Smart Grid 
Technologies Conference, 2010

1 0

National Energy Technology 
Laboratory

1 0

2nd International Conference 
on Computational Intelligence,  
Modelling and Simulation,  2010

1 0

9th Conference Telecommunications 
Internet and Media Techno 
Economics, 2010

1 0

Tesis, Universidad Nacional de 
Colombia

1 0

45th International Universities 
Power Engineering Conference, 
2010

1 0

Asia-Pacific Power and Energy 
Engineering Conference, APPEEC

1 0

Colombia Inteligente - http://www.
colombiainteligente.org

1 0

In [33], a study was made by electricity utilities with 
the aim of determining the current state of the SG 
in Colombia and to build a reference based on the 
knowledge of the participants. In this work a reference 
map of the SG implementation in the Colombian 
electricity sector was defined. This study concludes 
that there is no specialized commercial network of 
Smart Grids in Colombia and that all research and 
development in this area focuses on the U.S. and 
Europe.

In [34], “Colombia Inteligente” was defined as a 
strategic framework that defines the guidelines and 
metrics toward a sustainable and efficient energy 
sector. The aim of this project is to establish guidelines, 
policies and strategies for the implementation of the 
REI in Colombia and to allow the country to have good 
practices in energy efficiency.

Table 3. Continuation.
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5.3.  Q3: How do SGs affect the electricity demand?

SGs allow consumers to receive information about their 
consumption habits [15] and the associated electricity 
prices [35,36]. With this information, they can modify 
their consumption patterns by load shifting, shaping or 
cutting [37,38], consuming electricity in time periods 
with lower prices [1,3,15,21,39,40] in order to mitigate 
costs, save on their bills [16,17,38] or receive incentives 
[3,8,41,42].

As a consequence of changes in the consumption 
patterns, it is expected the following improvements are 
expected: more efficient use of energy [36], reduction 
of the peak demand [42,43], and increase of the grid 
sustainability by reducing the overall cost and carbon 
emissions [44,40,8]. With these improvements it is 
expected to reduce electricity demand between 10% 
and 20% during peak hours [1,20,24,25,26] and to 
reduce the depth of the valleys in the demand profiles 
[22]. The reduction of demand during peaks can result 
in a 9% reduction in household consumption [23,13]. In 
addition, the European Smart Metering Industry Group 
(ESMIG) believes that the greenhouse gas emissions 
for 2020 can be reduced by 20% [27].

5.4.  Q4: What SG technologies are installed in 
households?

SG technologies installed in homes are:

•	 Smart meters for managing household electricity 
usage [16,45]. They are a key part of the 
communication infrastructure with the aim of 
making the users aware of their consumption [46,8] 
and receiving signals to help in the decision process 
[47,48]. With smart metering and home-based 
micro-storage, the demand will be more flexible to 
changes and will react to signals from the grid [49].

•	 Intelligent controllers and devices that cooperate 
in an intelligent way and that allow any appliance 
to be configured [50], so that when energy price is 
at some level (usually off-peak) they start working 
automatically [16,23,13]. These devices can 
administrate the consumer’s demand based on the 
electricity market price[22]. 

•	 Advanced measurement systems, so called AMI 
(Advanced Metering Infrastructure), which are 
systems for the measurement, collection, storage, 

analysis and application of information from users 
[51].

•	 Online services like Google PowerMeter and 
Microsoft Hohm, which show the total consumption 
of a house using a friendly web interface and Smart 
Sockets, which control the energy consumption of 
the appliance [52]. However, Google PowerMeter 
and Hohm services were retired on September 2011 
and May 2012 respectively.

•	 Smart sensors that offer a variety of technological 
functions like electricity controls, home interfaces, 
web interfaces, fire monitors, control appliances, 
gas leak monitors among others [53].

5.5.	 Q5: How have the Smart Grid penetrations 
been modeled?

Smart Grid penetration has been modeled from 
different points of view and different objectives:

•	 In [16], the authors develop a system to support 
users’ intelligent decisions to increase the efficiency 
of energy use in the Smart Grid.

•	 In [20], an agent-based model is developed to 
simulate an electricity market with DR from 
different types of commercial buildings.

•	 In [31], an optimization model is developed to allow 
consumers to adjust their electricity demand level 
in response to the electricity price.

•	 In [54], the authors develop a methodology for 
modeling the prosumers’ behavior (prosumers are 
the consumers who are themselves producers) with 
the aim of supporting policy makers decisions.

•	 In [55], an agent-based model is developed for 
simulating the behavior of a dynamic smart city in 
the future infrastructure of SG. 

•	 In [56], an agent-based model is developed for 
simulating restructured electricity markets and 
exploring the impact of the price elasticity of 
consumer demand.

•	 In [57], a benchmark is proposed for evaluating 
management methodologies of domestic energy 
using different criteria in order to compare SG 
management solutions. 
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•	 In [20], an AHP (Analytic Hierarchy Process) 
methodology is developed for quantifying consumer 
preferences related to the use of appliances in peak 
periods when the price is higher. Then, a dynamic 
programming approach is used to achieve the 
optimal solution for managing appliances. 

•	 In [58], a tool is designed to simulate a smart 
home, show the operation of DSM for customers, 
and estimate the home electricity consumption 
minimizing the customer cost.

•	 In [59], a model that simulates the response of 
consumers to dynamic pricing is developed. This 
model is integrated with an agent model that 
simulates deregulated markets.

•	 In [12], the authors design an in-home energy 
management (iHEM) application that uses a 
wireless sensor home area network to communicate 
all the appliances and the grid. This application 
accommodates consumers demand depending on 
the electricity price.

•	 In [43], a convex programming (CP) DR optimization 
framework is proposed for the automatic load 
management of different appliances in a smart home.

•	 In [7], the authors propose a model for energy use 
planning to optimize the consumption, generation 
and storage of residential electricity in a dynamic 
pricing environment. 

•	 In [42], a model for demand response is developed; 
this work models consumer behavior in different 
scenarios and levels of consumers’ rationality 
considering real time pricing.

5.6.	 Q6: Why is it important to study consumer 
behavior?

It is important to study consumer behavior because:

•	 It is necessary for consumers to modify their 
consumption patterns in order to reduce electricity 
costs and investments, to avoid price spikes [22] 
and to use appliances and energy more efficiently 
[14,26,60,23,13,54].

•	 Consumers can bring energy saving, energy 
efficiency and peak load shifts by using smart meters 
and information about the system [61].

•	 It is necessary to analyze and understand how 

consumers decide how much and how they want to 
consume energy [1,62]. 

•	 It is necessary to understand how to encourage the 
reduction of consumption or how to transfer it to 
periods with lower demand [63].

•	 It is necessary to determine how the most relevant 
information would be presented to the consumers 
in order to achieve changes in the consumption 
profile [3,64].

•	 It is necessary to understand how to encourage the 
use of advanced technology such as smart meters 
and other smart devices [47,65].

•	 In a scheme where consumers can directly participate 
in demand management it is necessary to find the 
best way to forecast the electric loads of individual 
consumers [66]. 

•	 Demand Response can provide competitive pressure 
to reduce energy prices, increasing awareness 
of energy use and providing a more efficient 
functioning of markets [11,19].

•	 With Demand Response, consumers can make the 
system more efficient, and with a 5% increase in 
network efficiency  the equivalent of 42 coal thermal 
plants in the U.S. would not be needed, which would 
bring benefits to the system and the community [67].

6.  CONCLUSIONS

Through the above study and the selected publications, 
the state of the art in Smart Grid and user behavior has 
been shown.

The publications of Kitchenham [28], Software 
Engineering Group [29] and Sorrell [30], propose the 
methodology of the systematic literature review, which 
was performed. These methodologies give as a result 
an analysis of the studies that some authors have made 
about the investigation subject, which allows further 
research into the area and will complement the work 
done.

The study of consumer behavior regarding SG is 
important because these users will become active 
entities in the electricity supply chain and their behavior 
can influence the improvement of the system.
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Finally it can be said that in the literature there is no 
methodology to model and define policies for the entry 
of a SG and the Smart meters in an electricity system.
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ABSTRACT: Even though the software engineering curriculum has been designed many times, some problems still remain: the gap between 
academy and industry, the failure to continuously update the courses, the difficulties for combining theory and practice, and the lack of a sound, 
widely accepted theoretical basis. The SEMAT (Software Engineering Methods and Theory) initiative has been proposed for addressing some 
of the aforementioned problems. Based on the main ideas related to SEMAT, in this paper we propose a first course that introduces students 
to the main issues about SEMAT. This course is planned to be included in the System and Informatics Engineering Program belonging to the 
Universidad Nacional de Colombia, Medellin Branch. Also, we discuss the way in which this course addresses the previously diagnosed problems.
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RESUMEN: Aunque desde hace años se habla del diseño curricular de la ingeniería de software, algunos problemas aún subsisten: 
la brecha existente entre la academia y la industria del software, los problemas para mantener actualizados los cursos, las dificultades 
para combinar la teoría con la práctica y la carencia de una sonora y ampliamente aceptada base teórica para la ingeniería de 
software. La iniciativa SEMAT (nombrada así por el acrónimo en inglés de Teoría y Métodos de la Ingeniería de Software) se 
propuso para solucionar algunos de los problemas en mención. Tomando como base las ideas relacionadas con SEMAT, en este 
artículo se propone un primer curso que suministra a los estudiantes una introducción a los principales tópicos de SEMAT. Se 
planea incluir este curso en el programa de Ingeniería de Sistemas e Informática de la Universidad Nacional de Colombia, Sede 
Medellín. También, se discute la manera en que este curso contribuye a solucionar los problemas que se diagnosticaron previamente.

Palabras clave: SEMAT, diseño curricular, industria del software, academia del software, comunidad del software.

1. INTRODUCTION

Since the early work of Farley [1], several authors 
have been working on curriculum design of software 
engineering courses [2–5]. Some authors are focused 
on complete curricula [1, 2] while others are focused 
on courses for meeting the industry needs [3–5]. 
However, all of them recognize the same remaining 
problems in the software engineering curriculum: 
(i) the growing gap among the software engineering 
courses created by academy and industry needs; (ii) 
the failure experienced by professors in order to keep 
up-to-date the contents of the courses, since there 
are fads emerging day-by-day related to software 
engineering methods and practices; (iii) the actual 
difficulties for offering practices matching the theories 

related to this field of knowledge; and (iv) the lack of 
a theoretical basis for the software engineering, even 
though there is a strong work on formal methods and 
conceptualization.

Jacobson et al. [6] proposed the SEMAT (Software 
Engineering Methods and Theory) initiative as a way 
to deal with several problems related to software 
engineering as a discipline by re-founding it. So, the 
SEMAT community has focused on two major goals: 
(i) finding a kernel of widely-agreed elements, and, 
(ii) defining a solid theoretical basis of the software 
engineering.

The main ideas of the SEMAT community lead us to 
propose a first course in software engineering methods 
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and theory to be included in the System and Informatics 
Engineering program belonging to the Universidad 
Nacional de Colombia, Medellín Branch. The 
course syllabus comprises several activities, ranging 
from lectures—some of them held by international 
guests—to active strategies such as forums, games, and 
practical projects. Also, some discussion is promoted 
in order to show the way in which we can address the 
aforementioned problems related to software industry 
and software academy, since they are closely linked to 
the progress of this discipline.

The reminder of this paper is organized as follows: in 
Section 2 we present some background related to the 
software engineering curriculum. The main description 
of the SEMAT initiative is presented in Section 3. 
Then, in Section 4 we propose a first course in software 
engineering methods and theory and we promote some 
discussion about the way in which some problems 
are addressed by this course. Finally, we present 
conclusions and future work.

2.  SOFTWARE ENGINEERING CURRICULUM 
BACKGROUND

Farley [1] has probably the first attempt to define a 
software engineering undergraduate program. Such 
a program was designed for providing some core 
elements of the software engineering, but—as the author 
specifically recognized—these elements did not provide 
the adequate training for a software engineer. Mead [2] 
gives some insight about the further development of the 
software engineering curriculum. She also points out 
the strong urge for correlating the software engineering 
curriculum to the industrial practice.

Ludewig and Reißing [3] discuss the importance 
of theoretical courses as a way to provide tools to 
the software engineer for addressing real problems. 
Amiri et al. [4] make a survey to several managers of 
the software industry to the extent of determining the 
appropriateness of the software engineering courses. 
Moreno et al. [5] make a similar study about the 
software engineering courses versus the needs of the 
industry.

Being related to either curriculum as a whole or isolated 
software engineering courses, the previously reviewed 
work exhibits a consensus about some difficulties 

experienced by the software engineering education 
nowadays. Further information about some common 
problems is provided as follows:

Industry vs. Academy. The software Industry is 
demanding a different software engineer than the one 
promoted by the academic curriculum. In fact, some 
of the most demanded skills are usually far beyond the 
software engineering curricula. Some of the software 
industry managers claim the strong need to re-train 
the software engineering newcomers when they arrive 
from universities.

Courses vs. New methods. New software engineering 
methods are emerging day-by-day, creating new trends 
to be followed by practitioners. This fact poses a 
big challenge upon the software engineering course 
designers: how to keep up-to-date the course contents 
when several trends are coming from the academic 
world and they are being adopted by the software 
industry? How software engineering courses can evolve 
to follow the new trends in methods and practices?

Theory vs. Practice. Lectures are common ways of 
teaching software engineering and practice is usually 
limited to “toy” projects in some software engineering 
courses. Software industry needs practical, skillful 
engineers. How can we train practical professionals 
when the education is mainly theoretical?

Software Engineering Theoretical Basis. Methods 
and practices are emerging at a fast rate, since many 
research groups are promoting new ideas for dealing 
with the software engineering problems. However, we 
can argue against the novelty of such ideas, because 
many of them use previously known concepts. Even 
though some effort is devoted to define bodies of 
knowledge and glossaries about software engineering, 
we still lack a sound, widely-agreed theoretical basis 
for software engineering.

The SEMAT initiative is intended to deal with the 
aforementioned problems, as described in the following 
Section.

3.  THE SEMAT INITIATIVE

Jacobson et al. [6] propose the SEMAT initiative 
for refunding the software engineering by defining 
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a theoretical basis—a small set of widely-agreed 
elements. Such elements are useful for defining past, 
present, and future methods, so the practices included 
on them can be reused. As a result, some practices 
seem to belong to obsolete methods and they can be 
incorporated into modern ones, as software engineering 

evolves. Theoretical basis is gathered into the so-called 
SEMAT kernel—the Essence of software engineering. 
The kernel is represented into a language with a limited 
number of elements (called alphas, see Fig. 1). The 
alphas can be used for assessing the health and progress 
of a software endeavor

Figure 1. Alphas of the SEMAT kernel [6].

Health and progress can be estimated by using the 
alpha states. Some cards can be used in the SEMAT 
kernel for (i) describing alphas and possible states (see 
an example in Fig. 2), and (ii) linking alpha states to 
checklists for the sake of assessing their compliance 
(see an example in Fig. 3). Some other elements 
complement the theoretical basis of the software 
engineering represented by the SEMAT kernel. Some 
of them are: areas of concern, activity spaces, activities, 
competencies, and work products.

In this paper we propose a structure based on the so-
called pre-conceptual schemas [7] for representing the 
SEMAT kernel elements and their relationships. In 

such schemas, nouns are represented by rectangles and 
verbs are represented by ovals. Thin arrows are used 
to connect nouns and verbs in such a way they express 
phrases, e. g. “method has practice” and “methodologist 
develops kernel.” Thick arrows are used to express 
cause-and-effect relationships, e. g. “methodologist 
uses kernel, then methodologist describes practice.” 
Finally, dotted boxes are used to express possible values 
of the nouns linked to them, e. g. “customer, solution, 
and endeavor are possible values of area of concern.”

Fig. 4 depicts the kernel structure. In this figure, 
elements shown in blue were added to the schema to 
the extent of making it more readable and logical.
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Figure 3. Examples of alpha states and checklists [6].

Figure 2. Examples of alphas and their states [6].
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Figure 4. A pre-conceptual schema for representing the SEMAT kernel elements and their relationships. Source: the 
authors.

4.  A FIRST COURSE IN SEMAT

SEMAT kernel is intended to address some of the 
problems exposed in Section 2, but a course related to 
the kernel is needed for addressing the four problems. 
In this Section we propose the curricular design of such 
a course and we discuss the way in which the problems 
are addressed.

4.1. Curricular Design

General information about the course is the following:

Code: 3009583
Name: Software Engineering Methods and Theory
Program: Systems and Informatics Engineering
Department: Computer and Decision Sciences
Level: Undergraduate
Typology: Free choice
Weekly in-classroom activity: 4 hours
Weekly outside-classroom activity: 5 hours
Weeks per semester: 16
Total activity: 144 hours
Credits: 3
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General Objective: Defining and specifying the 
elements underlying any software engineering method 
and practice
Specific Objectives: (i) Establishing the cross-cutting 
elements to explaining software engineering methods 
and practices in terms of the SEMAT kernel; (ii) 
generating specific skills for representing any method 
and its practices in the SEMAT kernel; (iii) specifying 
any method and its practices in terms of the SEMAT 
kernel formal language; and (iv) recognizing and 
assessing tools used for creating representations in the 
SEMAT kernel
Methodology and Assessment: (i) Lectures; (ii) 
serialized practical project; (iii) forums; and (iv) 
experience-based games

The contents of the course are the following:

A. Initial information about software engineering 
general theories
A.1. Motivation
A.2. General Problems related to software engineering
A.3. Need for a software engineering theory

B. Basic elements of the software engineering kernel
B.1. Alphas and card-based representation
B.2. Activity spaces
B.3. Methods and practices
B.4. Competencies
B.5. Work products

C. Advanced elements of the software engineering 
kernel
C.1. Patterns
C.2. Resources
C.3. Detail levels
C.4. Competency levels
C.5. Separation of concerns
C.6. Tools for working with the kernel

D. Formal representation of the software engineering 
kernel
D.1. Introduction
D.2. Kernel meta-model
D.3. Kernel text-based specification

D.4. Object diagrams and executable pre-conceptual 
schemas

The course syllabus is included in Table 1. Several 
remarks are needed:

•  Each numbered class (1 to 32) is a 2-hour class and 
has the issue to be covered, the contents related to 
such issue and the assessment items.

•  Almost all the lectures should be held by the course 
professor, with the exception of class No. 16 and 31, 
which should be held by an international guest. In 
this case, we try to take advantage of the excellent 
relationships we have with the SEMAT Community 
and invite some international SEMAT researchers to 
hold a lecture via videoconference or keynote—in 
such a case the international guest is visiting our 
University.

•  The effort to develop the practical project is intended 
to be guided in the classroom, with the participation 
of all the students. Six classes are reserved for this 
purpose. The topic of the practical project is related to 
the representation of a method by using the SEMAT 
kernel.

•  The first forum is devoted to practicing the initial 
skills needed for developing the practical project. 
The second forum is devoted to activities developed 
by the students by using active learning: the design 
of a crossword puzzle with the main concepts of 
SEMAT and the design of an experience-based game 
by studying some of the SEMAT concepts.

•  Five pre-designed games will be played during the 
course: the software system alpha game (see Fig. 
5), the requirements alpha game (see Fig. 6), the 
SemCards game (see Fig. 7), the MetricC game (see 
Fig. 8), and the SEMAT board-crossing game (see 
Fig. 9). All of these games were previously designed 
and tested with several groups of heterogeneous 
people, mostly during Conferences, e. g. the 
Colombian Computing Conference [8], the Latin 
American Conference on Informatics [9], and the 
International Conference on Science and Technology 
for the Risk Management and the Climate Change 
Adaptation.
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Table 1. SEMAT course syllabus. Source: the authors.

4.2. Discussion

The four problems presented in Section 2 can be 
addressed by the SEMAT course we propose in this 
paper. The reasons are the following:

Industry vs. Academy. While the SEMAT initiative 
is advancing in the world, several discussions between 
practitioners and academics have been promoted in 
order to standardize the terminology related to software 
engineering. The proposed course is a direct result 
of such discussions and, consequently, it is intended 
to close the gap between the software engineering 
curriculum and the industrial training needed by 
software engineers. Also, two international guests will 
hold lectures to keep students informed about what 
is happening in the software industry. Since we can 

promote such a kind of lectures, we are also working 
to close the aforementioned gap.

Courses vs. New methods. SEMAT kernel is not 
related to any particular method or practice. SEMAT 
kernel is a framework for describing any method or 
practice. So, there is no need to change the course 
contents with the emergence of new methods and 
practices.

Theory vs. Practice. Practical projects and games are 
strategies for promoting a close relationship between 
theory and practice. Particularly, some of the games 
selected for the course are based on real situations 
with the intention of encouraging decision making in 
simulated environments.
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Figure 5. Image from the software system alpha game. Source: the authors.

Figure 6. Image from the requirements alpha game. Source: the authors.
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Figure 7. Image from the SemCards game. Source: the authors.

Figure 8. Image from the MetricC game. Source: the authors.
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Figure 9. Image from the SEMAT board-crossing game. Source: the authors.

Software Engineering Theoretical Basis. By proposing 
a first course on SEMAT, we are promoting the 
dissemination of the SEMAT theoretical basis among 
students. The difference of this effort versus the 
previous ones is closely linked to the way in which we 
will try to teach software engineering. In fact, you can 
discover many software engineering courses related 
to specific methods and practices, but this is the first 
attempt to teach the theoretical basis underlying any 
methods or practices.

5.  CONCLUSIONS AND FUTURE WORK

In this paper we proposed a first course in software 
engineering methods and theory based on the work 
we are conducting in the Universidad Nacional de 
Colombia, Medellin Branch, related to the SEMAT 
initiative. The course is highly supported by the 
SEMAT community—for instance in the shape of 
lectures held by international guests—as a joint effort 
to keep a close contact among the SEMAT Latin 
American Chapter and the other regional Chapters. 
Also, the course thrives on the work we are conducting 
in games and other teaching strategies, because we 
are incorporating five SEMAT games created in the 

Universidad Nacional de Colombia.

We also discussed the way to deal with some common 
problems of the software engineering teaching, 
mainly related to the gap between software industry 
and academy, the continuous emergence of new 
software engineering methods, the scarce practice of 
the engineering newcomers and the lack of a software 
engineering theoretical basis

We propose as future work a complete assessment 
of the course results in terms of satisfaction surveys 
to students and professionals linked to the software 
industry. Also, the creation of new games to be included 
in the course contents can contribute to improve the 
SEMAT course.
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to attach copies of permissions for the reproduction of material 
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modifications in the received texts. In the latter case, none of the 
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scientific rigor, innovation, the relevance of the research, 
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each number:

1. The Editorial 
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presentation of papers.

8. Translations
Translations of classic or current texts, the transcriptions of 
historical documents, or those of particular interest in the field of 
the journal’s publication are presented.

9. Event Notices
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3. The maximum length of the articles will be 10 pages, single-
spaced, in Spanish or English, letter-sized presentation. Include 
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tal Comité.

Respecto a gráficas, tablas y figuras, éstas deberán procesarse como 
“objetos” (para facilitar la diagramación de la revista); para ello puede 
utilizarse el programa que se desee. Se sugiere enviarlas en blanco y negro 
o tonos de gris, evitando las policromías.

Las figuras que no estén en medio electrónico, se presentan en fotografía 
o papel albanene y tinta china.

Si el texto incluye fotografías, se recomienda su presentación en blanco 
y negro, mate, con buen contraste. Las fotografías se deben montar en 
hojas del mismo tamaño del texto. En los demás aspectos el tratamiento 
es similar al de las figuras.

La presentación del artículo estará de acuerdo con los artículos de este 
número. No se admiten “pie de página” por razones de diagramación de 
la revista.

Al pie del título del artículo debe incluirse el nombre del autor (o autores), 
su identificación profesional o filiación institucional, su dirección postal 
y electrónica (e-mail).

Las referencias deberán ir al final con el siguiente formato:

Artículos de revistas: 
Alien, J. S., Samuelson, R. and Newberger , A. Chaos in a model offorced 
quasi-geostrophic flow over topography: an application of Melinkov’s 
method, J. Fluid Mech., 226, 511-547, 1991.

Libros: 
Baker, G. L. and Golub , J., Chaotíc Dynamics: An introduction, Cambridge 
University Press, Cambridge, 1990.

Capítulo de libro: 
Lewis, P., Ray, B. and Stevens, J.G. Modeling time series by using 
Multivariate Adaptive Regression Spiines (MARS), En: Time Seríes 
Prediction: Forecasting the Futuro and Understanding the Past (Eds. 
A.S.Weigend y N. A. Gershenfeid), SFI Studies in the Science of 
Complexity, Proc. Vol. XV, Addison-Wesley, 297-318, 1994.

Memorias de congresos:
Álzate, N., Botero, T. y Correa, D. Título de la Ponencia. Memorias XIX 
Congreso Latinoamericano de Ponencias Científicas. Córdoba, Argentina, 
Tomo II, 219-228, Octubre 2000.

Reporte de un organismo o Gobierno:
U.S. EPA. Status of Pesticides in Registration and Special Review. EPA 
738-R-94-008. Washington, DC:Ü.S. Environmental Protection Agency, 
1994

Tesis:
Jacobs J. Regulación of Life History Strategies within Individuáis in 
Predictable and Unpredictable Environments [PhD Thesis]. Seattie, WA: 
University of Washington, 1996.

Referencias de Internet:
NOAA-CIRES Climate Diagnostics Center. Advancing Understanding 
and Predictions of Climate Variability. Available: http://www.cdc.noaa.
gov [citado 8 de Agosto de 1998].

Datos no publicados:
Apellido, N. Datos no publicados

Comunicación Personal:
Apellido, N. Comunicación personal
 

OTRAS CONSIDERACIONES

El autor siempre conservará una copia del trabajo. Cada manuscrito luego 
de sometido al proceso de evaluación por pares seleccionados por el Comité 
Editorial, se decidirá o no su publicación y sugerirá posibles modificaciones 
cuando lo crea oportuno. Todo este trámite será lo más breve posible.

El Comité Editorial de la Revista acusará recibo de los originales e 
informará al autor sobre su aceptación, mediante comunicaciones vía 
correo electrónico.

La redacción de la revista pondrá el máximo cuidado en evitar errores 
en la trascripción definitiva de los artículos a publicar, no obstante no se 
responsabiliza de los errores que puedan aparecer. Si los autores detectaran 
errores importantes deberán dirigirse cuanto antes a la redacción para 
realizar una fe de erratas en el siguiente número de la revista.

La redacción se reserva el derecho de realizar pequeñas adecuaciones en los 
títulos de los artículos, así como rectificaciones menores en la redacción, 
en las traducciones, Resúmenes y Abstracts; aunque la política general 
que se seguirá será la de consultar a los autores sobre estas cuestiones.
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